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Learning Objectives 
Atthe end of this chapter the students will be able to: 
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Understand and describe Coulomb's law. 
Describe that a charge has a field of force around it. 
Understand fields of like and unlike charges. 


Appreciate the principle of inkjet printers and photostat copier as an application of 
lectrosiatcphenomena, | “= Pr 19 "B 


Explain the electric intensity in a free space and in other media. 
State and prove Gauss's law. 
Appreciate the applications of Gauss's law. 


Explain electric potential at a point in terms of work done in bringing a unit positive 
charge Omini o alpont — ihg 


Relate electric field strength and potential gradient. 

Find expression for potential ata point due to a point charge. 

Describe and derive the value of electric charge by Millikan's method. 
Calculate the capacitance of parallel plate capacitor. 

Recognize the effect of dielectric on the capacitance of parallel plate capacitor. 
Understand and describe electric polarization of dielectric. 


Know the process of charging and dischar ofa icitor through ista 
and calculate. the time consi "i fon — e 


Find energy expression of a charged capacitor. 


The study of electric charges at rest under the action of electric forces is known as 
electrostatic 


tics. An electric force is the force which holds the positive and negative charges 


that make pa atoms and molecules. The human body is composed entirely of atoms and 


molecules, tl 


lus we owe our existence to the electric force. 


Alightning flash 


Fig 42.) (a) Repulsive forces. 
between like charges and (b) 
attractive forces between unike 
charges 


We know that there are two kinds of charges, namely, 
positive and negative charges. The charge on an electron is 
assumed to be negative and charge on a proton is positive. 
Moreover, we also learnt that like charges repel each other 
and unlike charges attract each other. Now we investigate 
the quantitative nature of these forces. The first 
measurement of the force between electric charges was 
made in 1874 AD by Charles Coulomb, a French military 
engineer. On the basis of these measurements, he deduced 
alaw known as Coulomb's law. Itstates that 


(12:1) 


where F is the magnitude of the mutual force that acts on 
each of the two point charges d.,, q, and r is the distance 
between them. The force F always acts along the line joining 
the two point charges (Fig. 12.1), k is the constant of 
proportionality. Its value depends upon the nature of medium 
between the two charges and system of units in which F, q 
and r are measured. If the medium between the two point 
charges is free space and the system of units is SI, then kis 
represented as R i 
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where e, is an electrical constant, known as permittivity of 
free space. In SI units, its value is 8.85 x 10° Nm O 
‘Substituting the value of e, the constant 


ane, 9x 10" Nm C? 


Thus Coulomb's force in free space is 
(12.3) 
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As stated earlier, Coulombs' force is mutual force, it means. 
that if q, exerts a force on q, then q, also exerts an equal and 
opposite force on q,. If we denote the force exerted on q. by q, 
as F and that on charge q, due tog, as F.. then 


The magnitude of both these two forces is the same and is 
given by Eq. 12.3. To represent the direction of these forces 
we introduce 


unit vectors. If f. is the unit vector directed from 
q,to q and ĉis the unit vector directed from q, to q,, then 


ind F ate shown in Fig.12.2 (a & b). It can be 
f, so Eqs. 12.5 (a & b) show that 


rk. 


The sign of the charges in Eqs. 12.5 (a & b) determine 
whether the forces are attractive or repulsive. 


We shall now consider the effect of medium between the two 
charges upon the Coulomb's force. If the medium is an 
insulator, itis usually referred as dielectric. It has been found 
that the presence of a dielectric always reduces the 
electrostatic force as compared with that in free space by a 
certain factor which is a constant for the given dielectric. This 
constant is known as relative permittivity and is represented 
by e, The values of relaüve permittivity of different dielectrics 
are givenin Table 12.1. 


Thus the Coulomb's force in a medium of relative permittivity 
tis given by 


t can be seen in the table that e, for air is 1.0006. This value is 


so close to one that with negligible error, the Eq. 12.3 gives 
the electric force in air. 


oi 
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Newton's universal gravitational law and Coulomb's law 
enable us to calculate the magnitude as well as the directions 
ofthe gravitational and electric forces, respectively. However 
one may question, (e) What are the origins of these forces? 
(b) How are these forces transmitted from one mass to 
another or from one charge to another? 


The answer to (a) is still unknown; the existence of these 
forces is accepted as it is. That is why they are called basic 
forces of nature. 


To describe the mechanism by which electric force is 
transmitted, Michael Faraday (1791-1867) introduced the 
concept of an electric field. According to his theory, it is the 
intrinsic property of nature that an electric field exists in the 
space around an electric charge. This electric field is 
considered to be a force field that exerts a force on other 
charges placed in that field. For example, a charge q 
produces an electric field in the space surrounding it. This 
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field exists whether the other charges are present in space or 
not. However, the presence of field cannot be tested until 
another charge q, is brought into the field. Thus the field of 
charge q interacts with q, to produce an electrical force. The 
interaction between q and q, is accomplished in two steps: 
(a) the charge q produces a field and (b) the field interacts 
with charge q, to produce a force F on q. These two steps are 
illustrated in Fig. 12.4. 


In this figure the density of dots is proportional to the strength 
of the field at the various points. We may define electric field 
strength or electric field intensity E at any point in the field as 


bai Reese can 


Ded 3 FE EE im 
where F is the force experienced by a positive test charge q, 
placed atthe point. The test charge q, has to be very small so 
thatit may not distort the field which it has to measure. 


Since electric field intensity is force per unit charge, it is 
measured in newton per coulomb in SI units. It is a vector 
quantity and its direction is the same as that of the force F. 


The force experienced by a test charge q, placed in the field 
of a charge q in vacuum is given by Eq. (12.3). 
Eq. 12.7 can be used to evaluate electric intensity due to a 
Point charge q at a point distant rfrom it. Place a positive test 
charge q, at this point. The Coulomb's force that this charge 
will experience due to gis. 


Pai 


— (12.8) 


where is a unit vector directed from the point charge qtothe 
test point where q, has been placed, i.e., the point where the 
electric intensity is to be evaluated. By Eq. 12.7 
F 
E LfA 
u m rf Gs a 


(129) 


[7 


A visual representation of the electric field can be obtained in 
terms of electric field lines; an idea proposed by Michael 
Faraday. Electric field lines can be thought of a "map" that 
provides information about the direction and strength of the 
electric field at various places. As electric field lines provide 
information about the electric force exerted on a charge, the 
lines are commonly called "lines of force". 


To introduce electric field lines, we place positive test 
charges each of magnitude q, at different places but at equal 
distances from a positive charge *q as shown in the figure. 
Each test charge will experience a repulsive force, as 
indicated by arrows in Fig. 12.6(a). Therefore, the electric 
field created by the charge +q is directed radially outward. 
Fig. 12.6 (b) shows corresponding field lines which show the 
field direction. Fig. 12.7 shows the electric field lines in the 
vicinity of a negative charge -q. In this case the lines are 
directed radially "inward", because the force on a positive 
test charge is now of attraction, indicating the electric field 
points inward. 


Figures 12.6 and 12.7 represent two dimensional pictures of 
the field lines. However, electric field lines emerge from the 
charges in three dimensions, and an infinite number of lines 
could be drawn. 


The electric field lines "map" also provides information about 
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the strength of the electric field. As we notice in 
Figs. 12.6 and 12.7 that field lines are closer to each other 
near the charges where the field is strong while they 
continuously spread out indicating a continuous decrease in 
the field strength 


The electric field lines are curved in case of two identical 
separated charges. Fig.12.8 shows the pattern of lines 
associated with two identical positive point charges of equal 
magnitude. It reveals that the lines in the region between two 
like charges seem to repel each other. The behaviour of two 
identical negatively charges will be exactly the same. The 
middle region shows the presence of a zero field spot or 
neutral zone. 


The Fig.12.9 shows the electric field pattern of two opposite 
charges of same magnitudes. The field lines start from 
positive charge and end on a negative charge. The electric 
field at points such as 1, 2, 3 is the resultant of fields created 
by the two charges at these points. The directions of the 
resultantintensities is given by the tangents drawn to the field 
lines at these points. 


In the regions where the field lines are parallel and equally 
spaced, the same number of lines pass per unit area and 
therefore, field is uniform on all points. Fig.12.10 shows the 
field lines between the plates of a parallel plate capacitor. The 
is uniform in the middle region where field lines are. 
equally spaced. 


We are now in a position to summarize the properties 

ofelectric field lines. 

1) Electric field lines originate from positive charges 
and end on negative charges. 

2) The tangent to a field line at any point gives the 
direction of the electric field at that point. 

3) The lines are closer where the field is strong and the 
lines are farther apart where the field is weak. 
Neo to lines cross each other. This is because E has 
only one direction at any given point. Ifthe lines cross, 

Ecould have more than one direction. 


ey, 
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li) — Xerography (Photocopier) 
Fig.12.11 illustrates a photocopy machine. The copying 


page to be copied - face down 


process is called xerography, from the Greek word "xeros" 
and "graphos", meaning "dry writing". The heart of machine 
is a drum which is an aluminium cylinder coated with a layer 
of selenium. Aluminium is an excellent conductor. On the 
other hand, selenium is an insulator in the dark and becomes 
a conductor when exposed to light; itis a photoconductor. As 
a result, if a positive charge is sprinkled over the selenium it 
will remain there as long as it remains in dark. If the drum is. 
exposed to light, the electrons from aluminium pass through 
the conducting selenium and neutralize the positive charge. 


If the drum is exposed to an image of the document to be 
copied, the dark and light areas of the document produce 
corresponding areas on the drum. The dark areas retain their 
positive charge, but light areas become conducting, lose 
their positive charge and become neutral. 

In this way, a positive charge image of the document remains 
on the selenium surface. Then a special dry, black powder 
called "toner" is given a negative charge and spread over the 
drum, where it sticks to the positive charged areas. 

‘The toner from the drum is transferred on to a sheet of paper 
‘on which the document is to be copied. Heated pressure 
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rollers then melt the toner into the paper which is also given 
an excess positive charge to produce the permanent 
impression of the document. 


(ii) Printe 


An inkjet printer (Fig. 12.12 a) is a type of printer which uses 
electric charge in its operation. While shuttling back and forth 
across the paper, the inkjet printer "ejects" a thin stream of 
ink. The ink is forced out of a small nozzle and breaks up into 
extremely small droplets. During their flight, the droplets pass 
through two electrical components, a “charging electrode” 
and the "deflection plates" (a parallel plate capacitor). When 
the printhead moves over regions of the paper which are not 
to be inked, the charging electrode is left on and gives the ink 
droplets a net charge. The deflection plates divert such 
charged drops into a gutter and in this way such drops are not 
able to reach the paper. Whenever ink is to be placed on the 
paper, the charging control, responding to computer, turns off 
the charging electrode. The uncharged droplets fly straight 
through the deflection plates and strike the paper. Schematic 
diagram of such a printeris shown by Fig. 12.12 (b). 


Inkjet printers can also produce coloured copies. 


When we place an element of area in an electric. 
ofthe lines of force pass through it (Fig. 12.132). 


The number of the field lines passing through a certain element 
of area is known as electric flux through that area. Itis usually 
denoted by Greek letter ©. For example the flux © through the 
area Ain Fig. 12.13 (a) is 4 while the flux through B is 2. 


In order to give a quantitative meaning to flux, the field lines 
are drawn such that the number of field lines passing through 
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Fig. eiue prion, 


W 


Saas 


Acoso. 


Fig. 12.13 (4) 


a unit area held perpendicular to field lines at a point 
represent the intensity E of the field at that point. Suppose at 
a given point the value of E is ANC". This means that if im 
area is held perpendicular to field lines at this point, 4 field 
lines will pass through it. In order to establish relation 
between electric flux ®, electric intensity E and area A we 
consider the Fig.12.13 (b,c,d) which shows the three 
dimensional representation of the electric field lines due to a 
uniform electric field of intensity E. 


In Fig.12.13 (b), area is held perpendicular to the field lines, 
then EA. lines pass through it. The flux O. in this case is 


dne 


where A. denotes that the area is held perpendicular to field 
lines. In Fig.12.13 (c), area A is held parallel to field lines and, 
as is obvious no lines cross this area, so that flux S. in this 
caseis 

Q,sEA-O0 s — (021) 


where A, indicates that A is held parallel to the field lines. 
Fig.12.13 (d) shows the case when Ais neither perpendicular 
nor parallel to field lines but is inclined at angle 8 with the 
lines. In this case we have to find the projection of the area 
which is perpendicular to the field lines. The area of this 
projection, (Fig. 12.13 d)is A cos 8. The flux in his case is 


o. EAcosB 

Usually the element of area is represented by a vector area A 
whose magnitude is equal to the surface area A of the 
element and whose direction is direction of normal to the 
area. The electric flux ©, through a patch of flat surface in 
terms of E and Ais then given by 


o. EAR. M (12.12) 


where 8 is the angle between the field lines and the normal to 
thearea. 


Electric flux, being a scalar product, is a scalar quantity. Its SI 
unitis Um 


Let us calculate the electric flux through a closed surface, in 
shape of a sphere of radius r due to a point charge q 
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placed at the centre of sphere as shown in Fig. 12.14. To 
apply the formula ®, = E.A for the computation of electric flux, 
the surface area should be flat. For this reason the total 
surface area of the sphere is divided into n small patches with 
areas of magnitudes AA,, A,, AA, A4. H s very large, 
each patch would be a flat element of area. The 
corresponding vector areas are AA, AA, AA. . AA. 


N 


The electric intensities at the centres of vector areas 
BA, DA, ., AA are E, E. . E, respectively. 
According to Eq.12.12, the total flux passing through the 


T" pd 


The direction of electric intensity and vector area is same at 
each patch. Moreover, because of spherical symmetry, at the 
surface of sphere, 


©,=EAA+ EDA, + EAA. 

Ex AAN AA, AA, + 

= Ex (total spherical surface area) 
4 


2 
= 4nr 
ae 


OOO o oC uc 


Now imagine that a closed surface S is enclosing this sphere. 
It can be seen in Fig.12.15 that the flux through the closed 
surface S is the same as that through the sphere. So we can 
conclude that total flux through a closed surface does not 
depend upon the shape or geometry of the closed surface. It 
depends upon the medium and the charge enclosed. 


Suppose point charges q, q, Q» ....... . are arbitrarily 
distributed in an arbitrary shaped closed surface as shown in 
Fig. 12.16. Using idea given in previous section, the electric 
flux passing through the closed surface is. 


Fig. 2:16 
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. x (total charge enclosed by closed surface) 
m 1 
7x0 . — (1216) 


where Q 7 q, * q, * q, * ...... is the total charge enclosed 
by closed surface. Eq.12.16 is mathematical expression of 
Gauss's law which can be stated as, 


Gauss's law is applied to calculate the electric intensity due 
to different charge configurations. In all such cases, an 
imaginary closed surface is considered which passes 
through the point at which the electric intensity is to be 
evaluated. This closed surface is known as Gi 
‘surface. Its choice is such that the flux through it can. 
evaluated. Next the charge enclosed by Gaussian surface is 
calculated and finally the electric intensity is computed by 
applying Gauss's law Eq.12.16. We will illustrate this 
procedure by considering some examples. 


Suppose that a hollow conducting sphere of radius Ris given 
a positive charge q. We wish to calculate the field intensity 
first at a point inside the sphere. 


Now imagine a sphere of radius R< R to be inscribed within 
the hollow charged sphere as shown in Fig. 12.17. The 
surface of this sphere is the Gaussian surface. Let © be flux 
through this closed surface. It can be seen in the figure that 
the charge enclosed by the Gaussian surfaces is zero. 
Applying Gaussian law, we have 
o,=2=0 
6o 


Since o. E. AO as AO. therefore, E=0 
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Thus the interior of a hollow charged metal sphere is a field 
free region. As a consequence, any apparatus placed within 
ametal enclosure is "shielded" from electric fields. 


positive E 

surface charge density is, say, d. A finite part of this sheet is 
‘shown in Fig. 12.18. To calculate the electric intensity E at a 
point P, close to the sheet, imagine a closed Gaussian 
Surface in the form of a cylinder passing through the sheet, 
Whose one flat face contains point P. From symmetry we can 
conclude that E points at right angle to the end faces and 
away from the plane. Since E is parallel to the curved surface 
of the cylinder, so there is no contribution to flux from the 
curved wall of the cylinder. While it will be, 
EA + EA = 2 EA, through the two flat end faces of the closed 
cylindrical surface, where A is the surface area of the flat 
faces (Fig. 12.18). As the charge enclosed by the closed 
surface is cA, therefore, according to Gauss's law, 


ost x charge enclosed by closed surface 


concentrated on the inner surfaces of the plates. The field 
lines which originate on positive charges on the inner face 
of one plate, terminate on negative charges on the inner 
face of the other plate (Fig. 12 19), Thus the charges 
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are uniformly distributed on the inner surface of the plate in a 
form of sheet of charges of surface density o = d , where A 
is the area of plate and q is the amount of charge on either of 
the plates. 

Imagine now, a Gaussian surface in the form of a hollow box 
with its top inside the upper metal plate and its bottom in the 
space between the plates as shown in Fig. 12.20. As the field 
lines are parallel to the sides of the box, therefore, the flux 
through the sides is zero. The field lines are uniformly 
distributed on the lower bottom face and are directed 
normally to it. If A is the area of this face and E the electric 
> intensity at is site, the flux through it would be EA. There is no 
flux through the upper end of the box because there is nofield 
inside the metal plate. Thus the total flux G. through the 
Gaussian surface is EA. The charge enclosed by the 
Gaussian surface is cA. Applying Gauss s law 


ES 


The field intensity is the same at all points between the plates. 
The direction of field is from positive to negative plate because 
a unit positive charge anywhere between the plates would be 
repelled from positive and attracted to negative plate and 
these forces are in the same direction, In vector form 


Let us consider a positive charge q, which is allowed to move 
in an electric field produced between two oppositely charged 
parallel plates as shown in Fig. 12.21 (a). The positive charge 
will move from plate B to A and will gain K.E. Ifitis to be moved 
from A to B, an external force is needed to make the charge 
move against the electric field and will gain P.E. Let us impose 
a condition that as the charge is moved from Ato B, itis moved 
UARA keeping electrostatic equilibrium, i.e., it moves with uniform 

Fig. 12:21 (a) velocity. This condition could be achieved by applying a force 
F equal and opposite to q,E at every point along its path 
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as shown in Fig. 12.21 (b). The work done by the external 
force against the electric field increases electrical potential 
energy ofthe charge thatis moved. 


Let W,, be the work done by the force in carrying the positive 
charge q. from Ato B while keeping the charge in equilibrium. 
The change in its potential energy AU= W.. 


where U, and U,, are defined to be the potential energies at Fig. 12.21 0) 
points And B, respectively. 


To describe electric field we introduce the idea of electric 
potential difference. The potential difference between two 


Thus the potential difference between the two points can be 
defined as the difierence of the potential energy per unit 
irge. 


As the unit of PE. is joule, Eq.12.23 shows that the unit of : 
potential difference is joule per coulomb. It is called volt such that, 


idi 


That is, a potential difference of 1 volt exists between two 
points if work done in moving a unit positive charge from one 
pointto other, keeping equilibrium, is one joule. 

In order to give a concept of electric potential at a Itin an 
electric field, we must ps reference to which n 
zero electric potential, This point is usually taken at infinity 
Thus in Eq. 12.23, if we take A to be at infinity and choose 
V,20, the electric potential at B will be V,-W. /4. or dropping 
the subscripts. 
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which states that the electric potentiel at any point in an 
electric field is equal to work done in bringing a unit positive. 
charge from infinity to that point keeping it in equilibrium. It is 
to be noted that potential at a point is still potential difference 
between the potential at that point and potential at infinity. 
Both potential and potential differences are scalar quantities 
because both Wand q. are scalars. 


Electri as Potential Gra 


In this section we will establish a relation between electric 
intensity and potential difference. As a special Case, let us 
consider the situation shown in Fig. 12.21 (b). The electric 
field between the two charged plates is uniform, let its value 
be E. The potential difference between Aand Bis given by the 


because F must be applied opposite to q,E so as to keep itin 
equilibrium). With this, Eq.12.27 becomes 


The quantity ^V gives the maximum value of the rate of 


sai —— change of potential with distance because the charge has 

been moved along a field line along which the distance Ar 
between the two plates is minimum. It is known as potential 
In electroencephalography the gradient. Thus the electric intensity is equal to the negative of 


The unit of electric intensity from Eq, 12.29 is volt/metre which 
is equal to NC as shown below: 


volt ___, joule/coulomb , newton xmetre f newton 


1 = EU 
metre metre. metre xcoulomb coulomb 
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Electric Potential at a Point due to a Poi 
Charge 


Let us derive an expression for the potential at a certain point in 
the field of a positive point charge q. This can be is 

by bringing a unit positive charge from infinity to that point 
keeping the charge in equilibrium. The target can be achieved 
using Eq. 12.29 in the form AV = -E Ar, provided electric 
intensity E remains constant. However in this case E varies 
inversely as square of distance from the point charge, it no 
more remains constant so we use basic principles to compute 
the electric potential at a point. The field is radial as shown in 
Fig. 12.22. 


Let us take two points A and B, infinitesimally close to each 
other, so that E remains almost constant between them. The 
distance of points A and B from q are r, and r, respectively 
and distance of midpoint of space interval between A and B is 
r from q. Then according to Fig. 12:22, 


„ thr 


Sa SO) 
5 
Asrrepresents mid point of interval between Aand B so 


rehti maiar ELUS 
The magnitude of electric intensity at this point is, 

ML 

e- ge 75 (12.33) 


^s the points A and B are very close then, as a first 
approximation, we can take the arithmetic mean to be equal. 
0 geometric mean which gives 


Lm 
e 
Therefore, PEN 
Thus, Eq.12.33 can be written as 
1-9 
Ez ——— . 
E (12.35) 
low, if a unit positive charge is moved from B to A, the work 
fone is equal to the potential difference between Aand B, 


V. -V EC- n) 


(12.34) 


V- V EHE ) o 


D Substituting value of E from Eq.12.35, 
Eu 
Mas Anea Sale — — SES 


. — TERI, = bas 


.= a, * 


To calculate absolute potential or potential at A, point B is 


Seeg assumed tobe infinity pointso that V, O and hence 
pl Sede 


7 f © 


r from is, 


x 
Referring Fig. 12.21, we know that when a particle of charge 
q moves from point A with potential V, to a point B with 
eee potential V,, keeping electrostatic equilibrium, the change in 

. Potential energy AU of particle is, 

AU-q(V,-V)*qAV 02400 
If no external force acts on the charge to maintain equilibrium, 
this change in PE. appears in the form of change in KE. 
Suppose charge carried by the particle is q 7 e = 16x10"C. 
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Thus, inthis case, the energy acquired by the charge will be. 
AK.E=gAV=eAV=(1.6x10"C) (AV) 
Moreover, assume that AV= 1 volt, hence 
AK.E=qAV=(1.6x 10C)x (1 volt) 
AKE-(1.6x10")x(CxV)- 1.6x 10*J 


The amount of energy equal to 1.6 x 10" J is called one 
electron-volt and is denoted by tev It is defined as "the 
amount of energy acquired or lost by an electron as it 
traverses a potential difference of one volt". Thus, 


feVz16x10") ee > (12:42) 


In chapter 4, we pointed out that gravitational force is a 
conservative force, that is, work done in such a field is 
independent of path. It can also be proved that Coulomb's 
electrostatic force is also conservative force. The electric. 


force between two charges F = SES «is similar in form io 


the gravitational force between the two point masses, 

FO, Both forces vary inversely with the square ofthe 
w 

distance between the two charges or the two masses. 

However, the value of gravitational constant G is very small 

as compared to electrical constant f gr Itis because ofthis 


fact that the gravitational force is a’ very weak force 
compared to electrostatic force. As regards their qualitative 
aspect, the electrostatic force could be attractive or repulsive 
while, on the other hand, gravitational force is only attractive. 
Another difference to be noted is that the electrostatic force is 
medium dependant and can be shielded while gravitational 
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Oil drop 


force lacks this property. 


In 1909, R.A Millikan devised a technique that resulted in 
precise measurement of the charge on an electron. 


Fig. 1223 (a) 


A schematic diagram of the Millikan oil drop experiment is 
shown in Fig. 12.23 (a). Two parallel plates PP’ are placed 
inside a container C, to avoid disturbances due to air 
currents. The separation between the plates is d. The upper 
plate P has a small hole H, as shown in the figure. A voltage V 
is applied to the plates due to which the electric field E is 
setup between the plates. The magnitude of its value is 
E= Vid. An atomizer A is used for spraying oil drops into the 
container through a nozzle. The oil drop gets charged 
because of friction between walls of atomizer and oil drops. 
These oil drops are very small, and are actually in the form of 
mist. Some of these drops happen to pass through the hole in 
the upper plate. The space between the plates is illuminated 
by the light coming from the source S through the lens L and 
window W.. The path of motion of these drops can be 
carefully observed by a microscope M. 


A given droplet between the two plates could be suspended 
in air if the gravitational force F, = mg acting on the drop is 
equal io the electrical force F, = gE, as shown in Fig.12.23(b). 
The F, can be adjusted equal to F, by adjusting the voltage. In 
this case, we can write, 
Hegg 
or qE-mg 
If Vis the value of p. d between the plates for this setting, then 


— 17) 
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(12.44) 


Inorderto determine the mass m ofthe droplet, the electric 
field between the plates is switched off. The droplet falls under the 
action of gravity through air. It attains terminal speed v,almostat the 
instant the electric field is switched off. Its terminal speed v, is 
determined by timing the fall of the droplet over a measured 
distance. Since the drag force F due to air acting upon the droplet 
when itis falling with constant terminal speed is equal to its weight. 
Hence, using Stokes's law. 


Fz6nnrv;-mg 


where ris the radius of the droplet and n is the coefficient of 
viscosity for air. f p is the density of the droplet, then 


8 (1245) 
d MEE SE 
Hence, 3% bos Sn 
or N= Nl 
209 


Knowing the value of r, the mass m can be calculated by 
using Eq. (12.45). This value of m is substituted in Eq.12.44 
togetthe value of charge q on the droplet. 


Millikan measured the charge on many drops and found that 
each charge was an integral multiple of a minimum value of 
charge equal to 1.6 x 10 C. He, therefore, concluded that this. 
minimum value ofthe charge is the charge on an electron. 
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Fig. 12.28 
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“1 pleo-farad= 1 pF = 10" far 


A capacitor is a device that can store charge. It consists of 


two conductors placed near one another separated by 
vacuum, air or any other insulator, known as dielectric. 
Usually the conductors are in the form of parallel plates, and 
the capacitor is known as parallel plate capacitor. When the 
plates of such a capacitor are connected to a battery of 
voltage V (Fig. 12.24), it establishes a potential difference of 
V volts between the two plates and the battery places a 
charge +Q on the plate connected with its positive terminal 
and a charge -Q on the other plate, connected to its negative 
terminal. let Obe the magnitude of the charge on either ofthe 
plates. Itis found that 


Q«V or Q=CV or 0-0 002446) 


The proportionality constant C is called the capacitance of 
the capacitor. As we shall see later, it depends upon the 
geometry of the plates and the medium between them, Itis a 
measure of the ability of capacitor to store charge. The 
capacitance of a capacitor can be defined as the amount of 
charge on one plate necessary to raise the potential of that 
plate by one volt with respect to the other. The SI unit of 
capacitance is coulomb per volt, which because of its 
frequent use, is commonly called farad (F), after the famous 
English scientist Faraday. 


Consider a parallel plate capacitor consisting of two plane 
metal plates, each of area A, separated by a distance d as 
shown in Fig. 12.24. The distance d is small so that the 
electric field E between the plates is uniform and confined 
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almost entirely in the region between the plates. Let initially 
the medium between the plates be air or vacuum. Then 
according to Eq.12.46, 


Q 

[n v 

where O is the charge on the capacitor and V is the potential 

difference between the parallel plates. The magnitude E of 

electric intensity is related with the distance d by Eq.12.28 as 

v 

Ed. 

As Q is the charge on either of the plates of area A, the 
surface density of charge on the plates is as 


(1247) 


(12.48) 


As already shown in section 12.8, the electric intensity 
between two oppositely charged plates is given by E = = 
Substituting the value of c, we have i: 


2 „ 
d^ Ae, 849 
Itgives 0 9 455 (12.50) 


If am insulating material, called dielectric, of relative 
permittivity e, is introduced between the plates, the 
capacitance of capacitor is enhanced by the factor e. 
Capacitors commonly have some dielectric medium, thereby 
es also called as dielectric constant. 


Following experiment gives the effect of insertion of dielectric 
between the plates of a capacitor. 


Consider a charged capacitor whose plates are connected to 
a voltmeter (Fig. 12.25 a). The deflection of the meter is a 
measure of the potential difference between the plates. 
When a dielectric material is inserted between the plates, 
reading drops indicating a decrease in the potential 
difference between the plates (Fig. 12.25 b). From the 
definition, C = Q/V, since V decreases while Q remains 
constant, the value of C increases. Then Eq.12.50 becomes, 


[m (1251) 
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Fig. 12.25 Effect ofa dielectric on the 
‘capacitance ofa capacitor. =, 


A collection 
fof capacitors used in 


Eq.12.50 shows the dependence of a capacitor upon the 
area of plates, the separation between the plates and 
medium between them. 


Dividing Eq.12.51 by Eq.12.50 we get expression for 
dielectric constant as, 


m 
Lo. caps 82) 


From Eq.12.52 dielectric co-efficient or dielectric constant is 
defined as 


The increase in the capacity of a capacitor due to presence of 
dielectricis due to electric polarization of dielectric. 


The dielectric consists of atoms and molecules which are 
electrically neutral on the average, i.e, they contain equal 
amounts of negative and positive charges. The distribution of 
these charges in the atoms and molecules is such that the 
centre of the positive charge coincides with the centre of 
negative charge. When the molecules of dielectric are 
subjected to an electric field between the plates of a 
capacitor, the negative charges (electrons) are attracted 
towards the positively charged plate of the capacitor and the 
positive charges (nuclel) towards the negatively charged 
plate. The electrons in the dielectric (insulator) are not free to 
move but it is possible that the electrons and nuclei can 
undergo slight displacement when subjected to an electric 
field. As a result of this displacement the centre of positive 
and negative charges now no longer coincide with each other 
and one end of molecules shows a negative charge and the 
other end, an equal amount of positive charge but the 
molecule as a whole is still neutral. Two equal and opposite 
charges separated by a small distance are said to constitute 
a dipole. Thus the molecules of the dielectric under the action 
of electric field become dipoles and the dielectric is said to be 
polarized. 

The effect of the polarization of dielectric is shown in 
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Fig. 12.26. The positively charged plate attracts the negative. 
end of the molecular dipoles and the negatively charged plate 
attracts the positive end. Thus the surface of the dielectric 
which is in contact with the positively charged plate places a 
layer of negative charges on the plate. Similarly the surface of 
the dielectric in contact with the negatively charged plate 
places a layer of positive charges. It effectively decreases the 
surface density of the charge c on the plates. As the electric 
intensity E between the plates is Q so E decreases due to 


£o 
polarization of the dielectric. This results into a decrease of 
potential difference between the plates due to presence of 
dielectric as demonstrated by the experiment described in the 
previous section. 


A capacitor is a device to store charge. Alternatively, it is 
possible to think of a capacitor as a device for storing 
electrical energy. After all, the charge on the plate possesses 
electrical potential energy which arises because work is to be 
done to deposit charge on the plates. This is due to the fact 
that with each small increment of charge being deposited 
during the charging process, the potential difference 
between the plates increases, and a larger amount of work is 
needed to bring up nextincrementof charge. 


Initially when the capacitor is uncharged, the potential 
difference between plates is zero and finally it becomes V 
when q charge is deposited on each plate. Thus, the average 


potential difference is — * — iv 
Therefore PE. Energy S aV 
Using the relation q = CV for capacitor we get 
Energy g CVE (0283) 


It is also possible to regard the energy as being stored in 
electric field between the plates, rather than the potential 
energy of the charges on the plates. Such a view point is 
useful when electric field strength between the plates instead 
of charges on the plates causing field is to be considered. 
This relation can be obtained by substituting V = Ed and 
C7 Ac din Eq.12.53, 
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Energy- (&& Jes 


= i ££, Ex (ad) 
As (ach is volume between the plates so 
Erergydensiy E99) = 5 ET — (0254) 


This equation is valid for any electric field strength. ` 


Many electric circuits consist of both capacitors and 
resistors. Fig.12.27 shows a resistor-capacitor circuit called 
R-C-circuit. When the switch S is set at terminal A, the R-C 
combination is connected to a battery of voltage V, which 
starts charging the capacitor through the resistor R. 


The capacitor is not charged immediately, rather charges 
build up gradually to the equilibrium value of q, = O, The 
growth of charge with time for different resistances is shown 
in Fig.12.28. According to this graph q = 0 at ( 0 and 
increases gradually with time till it reaches its equilibrium 
value q, = CV. The voltage V across capacitor at any instant 
can be obtained by dividing aby C, as V q/C. 


How fast or how slow the capacitor is charging or 
discharging, depends upon the product of the resistance R | 
and the capacitance C used in the circuit. As the unit of 
product RC is that of time, so this product is known as time 
constant and is defined as the time required by the capacitor 
to deposit 0,63 times the equilibrium charge q, The graphs of 
Fig.12.28 show that the charge reaches its equilibrium value 
sooner when the time constantis small. 


Fig. 12.29(a) illustrates the discharging of a capacitor 
through a resistor. In this figure, the switch Sis set at point B, 
so the charge +q on the left plate can flow anti-clockwise 
through the resistance and neutralize the charge -q on the 
right plate. 

The graphs in Fig. 12.29(b) shows that discharging begins at 
1-0 when q = CV, and decreases gradually to zero. Smaller 
values of time constant RC lead to a more rapid discharge. 
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The Coulomb's law states that the force between two- charges | 
of the ofi to 

5 8 te product. feline TATE charges F 

„ 

field intensity at that point. 

The number of the field lines passing through a certain element of area is known as 

electric flux through that area, denoted by o. 


The electric flux © through a vector area A, in the electric field of intensity E is given | 
O=BA= oe EIE e aie Gatco Te e ee dE 
surface area. 


eer lew 16 Matt as he Buciiyoucn.eqy olaaa surfáos 1.0 tines tre joi, 
charge enclosed init. 

The interior of a hollow charged metal sphere is a field free region. 

The lecticnteniy between two oppositely charged parallel plates is E= 7. 


The amount ot wor done in bringing a uni: oie charge rom ini to a poit 
against electric field is the electric potential at that 
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Capacitance ofa capacitor is a measure of the ability of a capacitor to store charge. 
The capacitance ofa parallel plate capacitoris C.. 


The increase in the capacitance of a capacitor due to presence of dielectric is due to 
electric polarization ofthe dielectric. 


The potential is constant throughout a given region of space. Is the electrical field 
zero or non-zero in this region? Explain. 


Suppose that you follow an electric field line due to a positive point charge. Do 
electric field and the potential increase or decrease? 


How can you identify that which plate ofa capacitoris positively charged? 


Describe the force or forces on a positive point charge when placed between parallel 
plates 


(a) ` withsimilarandequalcharges (b) with opposite and equal charges 
Electric ines of force never cross. Why? 


Ifa point charge q of mass mis released in a non-uniform electric field with field lines 
pointing in the same direction, will it make a rectilinear motion? 


Is Enecessarily zero inside a charged rubber balloon if balloon is spherical? Assume 
that charge is distributed uniformly over the surface. 

Is it true that Gauss's law states that the total number of lines of forces crossing any 
closed surface in the outward direction is proportional to the net positive charge 
enclosed within surface? 


Do electrons tend to go to region of high potential or of low potential? 


Compare magnitudes of electrical and gravitational forces exerted on an object 
(mass = 10.0 g, charge = 20.0 uC) by an identical object that is placed 10.0 cm from 
the first. (G = 6.67 x 10" Nm'kg?) 


(Ans: È = 54 x 10%) 
d 
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12.10 


Calculate vectorially the net electrostatic force on q as shown in the figure. 


m 8 (Ans: F = 0.058 iN) 
A point charge q = - 8.0 x 10* C is placed at the origin. Calculate electric field at a 
point 2.0 m from the origin on the z-axis. [Ans: (-1.8 x10" RNC”) 
Determine the electric field at the position r = (41+ 3j )m caused by a point charge 
q 7 50 x 10° C placed at origin. [Ans: (14401 + 1080] )N C'] 
Two point charges, q, = -1.0 x 10°C and q, = + 4.0 x 10° C, are separated by a 
distance of 3.0 m. Find and justify the zero-field location. (Ans: 3.0 m) 
Find the electric field strength required to hold suspended a particle of mass 
10x10 kg and charge ſ. Oue between two plates 10.0 cm apart. (Ans: 9.8 vm") 
A particle having a charge of 20 electrons on it falis through a potential difference of 
100 volts. Calculate the energy acquired by it in electron volts (eV). [Ans: (2.0 x 10* eV)] 
In Millikan's experiment, oil droplets are introduced into the space between two flat 
horizontal plates, 5.00 mm apart. The plate voltage is adjusted to exactly 780V so 
that the droplet is held stationary. The plate voltage is switched off and the selected 
droplet is observed to fall a measured distance of 1.50 mm in 11.2 s. Given that the 
density of the oil used is 900 kg m”, and the viscosity of air at laboratory temperature 
is 1.80x 10*Nm’s, calculate 
a)  Themass,and b) Thechargeonthedroplet (Assume g=9.8 ms") 
[Ans: (a) 5.14 x 10” kg, (b) 3.20 x 10” C] 
Aproton placed in a uniform electric field of 5000 NC" directed to right is allowed to 
goa distance of 10.0 cm fromAto B. Calculate 
(a) Potential difference between the two points 
(b) ole done by the field 
(c)  ThechangeinP.E. of proton 
(d) ThechangeinK.E. ofthe proton 
(e)  Msvelocity ^ (massofprotonis 1.67 x 10 
(Ans: -500 V, 500 eV, -500 eV, 500 eV, 3.097 x 10° ms") 
Using zero reference point at infinity, determine the amount by which a point charge 
of 4.0 x 10* C alters the electric potential ata point 1.2 m away, when 
(a)  Chargeispostive (b) ^ Chargeisnegative 
(Ans: +3.0 x 10° V, -3.0 x 10° V) 
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12.12 


12.13 


In Bohr's atomic model of hydrogen atom, the electron is in an orbit around the 
nuclear proton at a distance of 5.29 x 10" m with a speed of 2.18 x 10* ms”. 
(e=1.60x 10"C, mass of electron = 9.10 x 10kg): Find 
(8) Theelectric potential that a proton exerts at this distance 
(5)  Totalenergy ofthe atom in ev 
(c) — Theionization energy for the atom in eV 

(Ans: 427.20 V, -13.6 eV, +13.60 eV) 
The electronic flash attachment for a camera contains a capacitor for storing the 
energy used to produce the flash. In one such unit, the potential difference between 


the plates of a 750 uF capacitor is 330 V. Determine the energy that is used to 
produce the flash. (Ans: 40.8 J) 


Acapacitor has a capacitance of 2.5 x 10° F. In the charging process, electrons are 
removed from one plate and placed on the other one. When the potential difference 
between the plates is 450 V, how many electrons have been transferred? 
(e=1.60x10"C) (Ans: 7. Ox 10"electrons) 
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| Chapters 13 
(7 CURRENTELECTRICITY r 


Learning Objectives 
Atthe end of this chapter the students will be able to: 


1 


asop 


Understand the concept of steady current. 
Describe some sources of current. 
Recognize effects of current. 

Understand and describe Ohm's law. 


Sketch and explain the current-voltage characteristics of a metallic conductor at 
constant temperature, diode and filament lamp. 


Understand resistivity and explain its dependence upon temperature. 
Understand and elaborate conductance and conductivity of conductor. 


Solve. relating the variation of resistance with temperature for one 
n 


Know the value of resistance by reading colour code on it. 
Know the working and use of rheostat in the potential divider circuit. 

Describe the characteristics of thermistor. 

Use the energy considerations to distinguish between emf and p.d. 

derstand dices ct ai andi CE DN 


Describe the conditions for maximum power transfer. _ 

Know and use the application of Kirchhoff's first law as conservation of charge. 
Know and use the application of Kirchhoff's second law as conservation of energy. 
Describe the function of Wheatstone Bridge to measure the unknown resistance. 


Describe the function of to measure and compare potentials without 
drawing any current from the circuit. 


M Get practical applications of electricity involve charges in motion or the electric current, 


Alight bul 


glows due to the flow of electric current. The current that flows through the coil of 


a motor causes its shaft to rotate. Most of the devices in the industry and in our homes 
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operate with current. The electric current has become a 
necessity of ourlife. 


An electric current is caused by the motion of electric charge. 
If a net charge AQ passes through any cross section of a 
conductor in time At, we say that an electric current / has 
been established through the conductor where 


AQ 
12 ^ 43.1. 

7] (13.1) 
The Sl unit of current is ampere and it is a current due to flow 
of charge at the rate of one coulomb per second. 
Motion of electric charge which causes an electric current is 
due to the flow of charge carriers. In case of metallic 
conductors, the charge carriers are electrons. The charge 
carriers in electrolyte are positive and negative ions e.g., ina 
CuSO, solution the charge carriers are Cu" and SO”, ions. 
In gases, the charge carriers are electrons and ions. 


urrent Di 


Early scientists regarded an electric current as a flow of 
positive charge from positive to negative terminal of the 
battery through an external circuit. Later on, it was found that 
a current in metallic conductors is actually due to the flow of 
negative charge carriers called electrons moving in the 
‘opposite direction i.e., from negative to positive terminal of 
the battery, but it is a convention to take the direction of 
current as the direction in which positive charges flow. This 

"wms currentis referred as conventional current. The reason is that 
7 xcd ithas been found experimentally that positive charge moving 

difference 


dee, The potanta in one direction is equivalent in all external effects to a 

balween the head and i of an negative charge moving in the opposite direction. As the 

See current is measured by its external effects so a current due to 
motion of negative charges, after reversing its direction of 
flow can be substituted by an equivalent current due to flow of 
positive charges. Thus 


While analyzing the electric circuit, we use the direction of the 
current according to the above mentioned convention. 
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If we wish to refer to the motion of electrons, we use the term 
electronic current (Fig. 13.1). 


nductor 


In a metal, the valence electrons are not attached to 
individual atoms but are free to move about within the body. 
These electrons are known as free electrons. The free 
electrons are in random motion just like the molecules of a 
gas in a container and they act as charge carriers in metals. 
The speed of randomly moving electrons depends upon 
temperature. 

If we consider any section of metallic wire, the rate at which 
the free electrons pass through it from right to left is the same 
as the rate at which they pass from left to right (Fig. 13.2 a). 
As a result the current through the wire is zero. If the ends of 
the wire are connected to a battery, an electric field E will be 
set up at every point within the wire (Fig. 13.2 b). The free 
electrons will now experience a force in the direction opposite 
to E.-As a result of this force the free electrons acquire a 
motion in the direction of -E. It may be noted that the force 
experienced by the free electrons does not produce a net 
acceleration because the electrons keep on colliding with the 
atoms of the conductor. The overall effect of these collisions 
isto transfer the energy of accelerating electrons to the lattice 
with the result that the electrons acquire an average velocity, 
called the drift velocity in the direction of -E (Fig. 13.2 b). The 
drift velocity is of the order of 10°ms”, whereas the velocity of 
free electrons at room temperature due to their thermal 
motion is several hundred kilometres per second. 


Thus, when an electric field is established in a conductor, the 
free electrons modify their random motion in such a way that 
they drift slowly in a direction opposite to the field. In other 
words the electrons, in addition to their violent thermal 
motion, acquire a constant drift velocity due to which a net 
directed motion of charges takes place along the wire and a 
current begins to flow through it. A steady current is 
established in a wire when a constant potential difference is 
maintained across it which generates the requisite electric 


field E along the wire. 
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Fig. 132 


When two conductors at different potentials are joined by a 
metallic wire, current will flow through the wire. The current 
continues to flow from higher potential to the lower potential 
until both are at the same potential (Fig. 13.3). After this the 
current ceases to flow. Thus the current through the wire 
decreases from a maximum value to zero. In order to have a 
constant current the potential difference across the conductors. 
or the ends of the wire should be maintained constant. This is 
achieved by connecting the ends of the wire to the terminals of 
adevice called a source of current (Fig. 13.4). 


Every source of current converts some non electrical energy 

such as chemical, mechanical, heat or solar energy into 

electrical energy. There are many types of sources of current. 

Afew examples are mentioned below: 

(i) Celis (primary as well as secondary) which convert 
chemical energy into electrical energy. 


(i) ^ Electric generators which convert mechanical energy 
into electrical energy. 


(i) ^ Thermo-couples which convert heat energy into 
electrical energy. 

% Solar cells which convert sunlight directly into 
electrical energy. 


i3 presence e ror current can 5 m = Si 


various effects which it produces. The obvious effects of the 
currentare: 


() Heating effect 
(i) Magneticeffect 
(i) ^ Chemical effect 
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Current flows through a metallic wire due to motion of free 
electrons. During the course of their motion, they collide 
frequently with the atoms of the metal. At each collision, they 
lose some of their kinetic energy and give it to atoms with 
which they collide. Thus as the current flows through the wire, 
it increases the kinetic energy of the vibrations of the metal 
atoms. i.e., it generates heat in the wire. It is found that the 
heat H produced by a current / in the wire of resistance R 
during a time interval tis given by 


H=PRt 
The heating effect of current is utilized in electric heaters, 
kettles, toasters and electric irons etc. 


The passage of current is always accompanied by a 
magnetic field in the surrounding space. The strength of the 
field depends upon the value of current and the distance from 
the current element. The pattern of the field produced by a 
current carrying straight wire, a coil and a solenoid is shown 
in Fig. 13.5 (a, b & c). Magnetic effect is utilized in the 
detection and measurement of current. All the machines 
involving electric motors also use ie magnetic effect of 
current. 


al 


Certain liquids such as dilute sulphuric acid or copper 
sulphate solution conduct electricity due to some chemical 
reactions that take place witnin them. The study of this process 
is known as electrolysis. The chemical changes 

during the electrolysis of a liquid are due to chemical effects of 
the current. It depends upon the nature of the liquid and the 
quantity of electricity passed through the liquid. 

The liquid which conducts current is known as electrolyte. The 
material in the form of wire or rod or plate which leads the 
current into or out of the electrolyte is known as electrode. The 
electrode connected with the positive terminal of the current 
source is called anode and that connected with negative 
terminal is known as cathode. The vessel containing the two 
electrodes and the liquid is known as voltameter. As an 
example we will consider the electrolysis of copper sulphate 
solution. The voltameter contains dilute solution of copper 
sulphate. The anode and cathode are both copper plates 
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(Fig. 13.6). When copper sulphate is dissolved in water, it 
dissociates into Cu and SO, ions. On passing current 
through the voltameter. Cu” moves towards the cathode and 
the following reaction takes place. 

Cu" +20 —— Cu 
The copper atoms thus formed are deposited at cathode 
plate. While copper is being deposited at the cathode, the 
SO", ions move towards the anode. Copper atoms from the 
anode go into the solution as copper ions which combine with 
sulphate ions to form copper sulphate. 

Cu" «S0; — —* CuSO, 
As the electrolysis ‘proceeds, copper is continuously 
deposited on the cathode-while an equal amount of copper 
from the anode is dissolved into the solution and the 
density of copper sulphate solution remains unaltered. 
This example also illustrates the basic principle of 
electroplating - a process of coating a thin layer of some 
‘expensive metal (gold, silver etc.) on an article of some 


the potential difference across its ends. This fact is. known as 
Onms law which states that 


Symbolically Ohm's law can be written as 
La V 


where R, the constant of proportionality is called the 
resistance of the conductor. The value of the resistance 
depends upon the nature, dimensions and the physical state 
of the conductor. In fact the resistance is a measure of the 
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opposition to the motion of electrons due to their continuous 
bumping with the atoms of the lattice. The unit of resistance is 
ohm. A conductor has a resistance of 1 ohm if a current of 1 
‘ampere flows through it when a potential difference of 1 volt is 
applied across its ends. The symbol of ohm is Q. If 7is measured 
inamperes, Vin volts, then Ris measured in ohmsi.e., 


there are devices, which do not obey Ohms' law i.e., they are 
non ohmic. The examples of non ohmic devices are filament 
bulbs and semiconductor diodes. 


Let us apply a certain potential difference across the 
terminals of a filament lamp and measure the resulting 
current passing through it. If we repeat the measurement for 
different values of potential difference and draw a graph of 
voltage V versus current, it will be seen that the graph is not a. 
straight line (Fig. 13.8). It means that a filament is a non 


through 
zero, the graph is a straight line in the initial stage because 
the change in the resistance of the filament with temperature 
due to small current is not appreciable. As the current is 
further increased, the resistance of the filament continues to 
increase due to rise in its temperature. 


Another example of non ohmic device is a semiconductor 
diode. The current - voltage plot of such a diode is shown in 
Fig. 13.9. The graph is not a straight line so semi conductor is 
also a non ohmic device. 


In an 
connected together. There are | — — ki which 
resistors can be connected with each other ., one is known as 


series arrangement and other one as parallel arrangement. 


If the resistors are connected end to end such that the same 
current passes through all of them, they are said to be 
connected in series as shown in Fig. 13.10(a). There 
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4 · a· 
Fig.13.10 (s) 


equivalent resistance f. is given by 

R HR (48.4) 
In parallel arrangement a number of resistors are. 
connected side by side with their ends joined together at 
two common points as shown. in Fig. 13.10(b) The 
equivalent resistance R. of this arrangement is given by 


zh 
RR 


R, — 


It nas been experimentally seen that e resistance R of a 
wire is directly proportional to its length L and inversely 


proportional to its cross sectional area A. Expressing 
mathematically we have 
L 
Rat 
7 Rape . (13.6) 
or i A E (13.6) 


where pis a constant of proportionality known as resistivity of 
specific resistance of the material of the wire. ii may be noted 
that resistance is the characteristic of a particular wire 


whereas the resistivity is the property of the material of which 
the wire is made. From Eq. 13.6 we have 
0. (13.7) 


The above equation gives the definition of resistivity as the 
resistance of a metre cube of a material, The SI unit of 
resistivity is ohm-metre (Qm) 


Conductance is another quantity used to describe the 
electrical properties of materials. In fact conductance is the 
reciprocal of resistance i.e., 


Conductance = — — 


resistance (R) 

The Sl unit of conductance is mho or siemen. 

Likewise conductivity, o is the reciprocal of resistivity i.e., 
— — — (13.8) 

in n poe 


38 


The SI unit of conductivity is Ohm m or-mh m”, Resistivity of 
various materials are given in Table 13.1. 

Itmay be noted from Table 13.1 that silver and copper are two 
best conductors. That is the reason that most electric wires 
are made of copper. 


The resistivity of a substance depends upon the temperature 
also. It can be explained by recalling that the resistance 
offered by a conductor to the flow of electric current is due to 
collisions, which the free electrons encounter with atoms of 
the lattice. As the temperature of the conductor rises, the 
amplitude of vibration of the atoms in the lattice increases 
and hence, the probability of their collision with free electrons 
also increases. One may say that the atoms then offer a 
bigger target, that is, the collision cross-section of the atoms 
increases with temperature. This makes the collisions 
between free electrons and the atoms in the lattice more 
frequent and hence, the resistance of the conductor 
increases. 


Experimentally the change in resistance of a metallic 
conductor with temperature is found to be nearly linear over a 
considerable range of temperature above and below 0 °C 
(Fig. 13.11). Over such a range the fractional change in 
resistance per kelvin is known as the temperature coefficient 
of resistance i.e., 


where R, and f ate resistances at temperature 0 C and! C. 

As resistivity p depends upon the temperature, Eq. 13.6 gives 
R=pLIA and N LA 

Substituting the values of f and R, in Eq. 13.9, we get 


where p, is the resistivity of a conductor at 0 O and p, is the 
resistivity at t °C. Values of temperature co-efficients of 
resistivity of some substances are also listed in Table 13,1 


There are some substances like germanium, silicon etc., 
whose resistance decreases with increase in temperature. 
i.e., these substances have negative temperature coefficients. 


p (0m) ? 


152% 10" | 0.00380 


15470, | 0.00390 


22710 | 000340 


26816, | 0.00390 


500 10 | 000460 


1100 10° | 000520 


] 3100» 10* | 000520 


4800 » 10* | 0.00001 


3400 x 10* | 0.00089 


7600 57 | 000020 


[UN ETT 


t 
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of the wire is 5.0 m and its sectional area is 
2.5x 10" m. Compute the resistivity of iron. 


Solution: 


The resistance R of the wire can be calculated by Eq. 13.2 
ie., 


Ys az 
5A 20 v 2.09 


‘The resistivity p of iron of which the wire is made is given by 
Tm? 

200x25x107m* ox 0m 

50m : 
Example 13.3: A platinum wire has resistance of 10 Q at 
00 and 20 A at 273 C. Find the value of temperature 
coefficientofresistance of platinum. 
Solution: 

R,=100, R200, t-546K-273K -273K 

Temperature coefficient of resistance can be found by 


HR 200-100 1 e 
Rt 100x273K 273K — 


Carbon resistors are most common in electronic equipment. They 
consist of a high-grade ceramic rod or cone (called the substrate) 
on which is deposited a thin resistive film of carbon. The numerical 
value of their resistance is indicated by a colour code which 
consists of bands of different colours printed on the body of the. 
resistor. The colour used in this code and the digits represented by 
them are given in Table 13.2. 

Usually the code consists of four bands (Fig. 13.12). Starting 
from left to right, the colour bands are interpreted as follows: 
1 The first band indicates the first digit in the numerical 

value of the resistance. 


2 The second band gives the second digit. 


„me third band is decimal multiplier i.e., it gives the 
number of zeros after the first two digits. 


Red Violet Orange Siver 4. ‘The fourth band gives resistance tolerance. Its colour 


2 7 œ% £ 10% is either silver or gold. Silver band indicates a 
tolerance of + 10%, a gold band shows a tolerance of 


A 
aes 
SUD 


R- 270000 (s 10%) 
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X 5 %. If there s mo fourth band, tolerance is 
Understood to be + 20%. By tolerance, we mean the 
Possible variation from the marked value. For 
example, a 1000 Q resistor with a tolerance of + 10% 
will have an actual resistance anywhere between 
9000 and 11000. 


It is a'wire wound variable resistance. It consists of a bare 


manganin wire wound over an insulating cylinder. The ends 
of the wire are connected to two fixed terminals A and B 
(Fig. 13.13 a). A third terminal C is attached to a sliding 
contact which can also be moved over the wire. 


A rheostat can be used as a variable resistor as well as a 
potential divider. To use it as a variable resistor one of the 
fixed terminal say A and the sliding terminal C are inserted in 
the circuit (Fig. 13.13 b). In this way the resistance of the wire 
between A and the sliding contact C is used. If the sliding 
contact is shifted away from the terminal A, the length and 
hence the resistance included in the circuit increases and if 
the sliding contact is moved towards A, the resistance 
decreases. Arheostat can also be used as a potential divider. 
This is illustrated in Fig. 13.14. A potential difference V is 
applied across the ends A and B of the rheostat with the help 
of a battery. If R is the resistance of wire AB, the current / 
passing through itis given by /= V/R. 

The potential difference between the portion BC of the wire 
ABis given by 


Vec = current x resistance 


eg, is RIS) 
where r is the resistance of the portion BC of the wire. The 
circuit shown in Fig. 13.14 is known as potential divider. 
Eq.13.11 shows that this circuit can provide at its output 
terminals a potential difference varying from zero to the full 
potential difference of the battery depending on the position of 
the sliding contact. As the sliding contact C is moved towards 
the end B, the length and hence the resistance rof the portion 
BC of the wire decreases which according to Eq. 13.11, 
decreases Vse On the other hand if the sliding contact C is 
moved towards the end A. the output voltage Vi increases. 


E 


Fig-3.14 


A thermistor is a heat sensitive resistor. Most thermistors 
have negative temperature coefficient of resistance i.e., the 
resistance of such thermistors decreases when their 
temperature is increased. Thermistors with positive 
temperature coefficientare also available. 


Thermistors are made by heating under high pressure 
semiconductor ceramic made from mixtures of metallic 
oxides of manganese, nickel, cobalt, copper, iron etc. These 
are pressed into desired shapes and then baked at high 
temperature. Different types of thermistors are shown in 
Fig.13.15. They may be in the form of beads, rods ot washers. 


Thermistors with high negative temperature coefficient are 
very accurate for measuring low temperatures especially 
near 10 K. The higher resistance at low temperature enables 
more accurate measurement possible. 


Thermistors have wide applications as temperature sensors 


ie. they convert changes of temperature into electrical 
voltage which is duly processed. | 
T^ DISSIPATION IN RESISTORS n 
Consider a circuit consisting of a battery E connected in 
series with a resistance R (Fig. 13.16). A steady current / 
flows through the circuit and a steady potential difference V 
exists between the terminals A and B of the resistor R. 


Terminal A, connected to the positive pole of the battery, is at 
a higher potential than the terminal B. In this circuit the 


battery is continuously lifting charge uphill through the 
potential difference V. Using the meaning of potential 
difference, the work done in moving a charge AQ up through 
the potential difference Vis given by 


Work done 2AW* VxAQ........(13.12) 
This is the energy supplied by the battery. The rate at which 
the battery is supplying electrical energy is the power output 
or electrical power of the battery. Using the definition of , 
power we have 


Energy supplied _ y AQ 


Electrical power = — Tne taken At 
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Since 1242, s0 
At 
` Electrical power= Vx ESS) 


Ea. [5.125 is a general relation for power delivered from a 
Source of current / operating on a voltage V. In the circuit 
shown in Fig.13.16 the power supplied by the battery is 
expended or dissipated in the resistor R. The principle of 
conservation of energy tells us that the power dissipated in 
the resistoris also given by Eq. 13.12.2 


Power dissipated (P) = Vx PRECA ET 


Alternative equation for calculating power can be found by 
substituting Vz/R, /=V/R in tum in Eq. 13.13 


p-, lf 
2 

-N vx V V. 
RR 


Thus we have three equations for calculating the power 
dissipated in a resistor. 


2 
P=Vxl, HE p= s (13.14) 


If Vis expressed in volts and /in amperes, the power is 
expressed in watts. 


We know that a source of electrical energy, say a cell or a 
battery, when connected across a resistance maintains a 
steady current through it (Fig. 13.17). The cell continuously 
supplies energy which is dissipated in the resistance of the 
circuit. Suppose when a steady current has been established 
in the circuit, a charge AQ passes through any cross section 
of the circuit in time At. During the course of motion, this 
charge enters the cell at its low potential end and leaves at its. 
high potential end. The source must supply energy AW'o the 
positive charge to force it to go to the point of high potential. 
The emf E of the source is defined as the energy supplied to 
unit charge by the cell. 


AW. 
(ose dirus, 1 e 1 
peu us asas 
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It may be noted that electromotive force is not a force and we 
do not measure it in newtons. The unit of emf is 
joule/coulomb which is volt (V). 
The energy supplied by the cell to the charge carriers is 
derived from the conversion of chemical energy into 
electrical energy inside the cell. 


Like other components in a circuit a cell also offers some 
resistance. This resistance is due to the electrolyte present 
between the two electrodes of the cell and is called the 
internal resistance rof the cell. Thus a cell of emf E having an 
internal resistance r is equivalent to a source of pure emf E 
with a resistance rin series as shown in Fig. 13.18. 


Let us consider the performance of a cell of emf E and 
internal resistance ras shown in Fig. 13.19. A voltmeter of 
infinite resistance measures the potential difference across 
the external resistance R or the potential difference V across 
the terminals of the cell. The current / flowing through the 
Gircuitis given by 


less than the emf Eby /r. 


Let us interpret the Eq. 13.16 on energy considerations. The 
left side of this equation is the emf E of the cell which is equal 
to energy gained by unit charge as it passes through the cell 
from its negative to positive terminal. The right side of the 
equation gives an account of the utilization of this energy as 
the current passes the circuit. It states that, as a unit charge 
passes through the circuit, a part of this energy equal to /ris 
dissipated into the cell and the rest of the energy is dissipated 
into the external resistance R. tis given by potential drop / R. 
Thus the emf gives the energy supplied to unit charge by the 
cell and the potential drop across the various elements 
account for the dissipation of this energy into other forms as 
the unit charge passes through these elements. 

The emf is the "cause" and potential difference is its "effect". 
The emf is always present even when no current is drawn 
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through the battery or the cell, but the potential difference 
across the conductor is zero when no current flows through it. 


In the circuit of Fig. 13.19, as the current / flows through the 
resistance R, the charges flow from a point of higher potential 
1o a point of lower potential and as such, they loose potential 
energy. If V is the potential difference across R, the loss of 
potential energy per second is V /. This loss of energy per 
second appears in other forms of energy and is known as 
power delivered to R by current J 


Power delivered to R=P,,=V/ 


the denominator of the expression of P,, is least 
and so P, is then a maximum. Thus we see that maximum 
power is delivered to a resistance (load), when the internal 
resistance of the source equals the load resistance. The 
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value ofthis maximum output power as given by Eq. 13.17 is 
E 

4R 

Ohm's law and rules of series and parallel combination of 
resistance are quite useful to analyze simple electrical 
circuits consisting of more than one resistance. However 
such a method fails in the case of complex networks 
consisting of a number of resistors, and a number of voltage 
sources. Problems of such networks can be solved by a 
system of analysis, which is based upon two rules, known as 
Kirchhoffs rules. 


It states that the sum of all the currents meeting at a point in 
the circuit is zero 


£780 c 0 
Iis a convention that a current flowing towards a point is 
taken as positive and that flowing away from a point is taken 
as negative. 

Consider a situation where four wires meet at a point A 
(Fig, 13.20). The currents flowing into the point A are 
1, and I, and currents flowing away from the point are /, and /,. 
According to the convention currents /, and /, are positive and 


currents /, and /, are negative. Applying Eq. 13.18 we have. 
1*1,*(-1)*(-1) 

o M ohm AER | (1319) 

Using Eq. 13.19 Kirchhoffs first rule can be stated in other 

words as 


Kirchhoffs first rule which is also known as Kirchhoffs point 
rule is a manifestation of law of conservation of charge. If 
there is no sink or source of charge at a point, the total charge 
flowing towards the point must be equal to the total charge 
flowing away from it. 
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states that the algebraic sum of voltage changes in a closed 
circuit or a loop must be equal to zero. Consider a closed 
circuit shown in Fig. 13.21. The direction of the current / 
flowing through the circuit depends on the cell having the 
greater emf. Suppose E, is greater than E, so the current 
flows in counter clockwise direction (Fig. 13.21). We know 
that a steady current is equivalent to a continuous flow of 
positive charges through the circuit. We also know that a 
Voltage change or potential difference is equal to the work 
done on a unit positive charge or energy gained or lost by it in 
moving from one point to the other. Thus when a positive 
Charge AQ due to the current / in the closed circuit 
(Fig. 13.21), passes through the cell E, from low (-ve) to high 
potential (*ve), it gains energy because work is done on it. 
Using Eq. 13.12 the energy gain is E, AQ. When the current 
passes through the cell E, it loses energy equal lo - E, AQ 
because here the charge passes from high to low potential. In 
going through the resistor R,, the charge AQ loses energy 
equal to - / R, AQ where / R, is potential difference across R,. 
The minus sign shows that the charge is passing from high to 
low potential. Similarly the loss of energy while passing 
through the resistor R, is -/ R,AQ. Finally the charge reaches 
the negative terminal of the cell E, from where we started, 
According to the law of conservation of energy the total 
change in energy of our system is zero, Therefore, we can 
write 


E,AQ-IR,AQ-E,AQ-1R,AQ=0 


which is Kirchhoff's second rule and it states that 


We have seen that this rule is simply a particular way of 
stating the law of conservation of energy in electrical 
problems. 


Before applying this rule for the analysis of complex network 
itis worthwhile to thoroughly understand the rules for finding 
the potential changes. 


R=100, S A, 
8-00 E,=60V, E,=50V 
LIII 


[0] If a source of emf is traversed from negative to 
positive terminal, the potential change is positive, itis 
negative in the opposite direction. 

%a tessstor is traversed in the direction of current, the 
change in potential is negative, it is positive in the 
opposite direction. 

Example 13.6: Calculate the currents in the three 

resistances of the circuit shown in Fig. 13.22. 

Solution: 

First we select two loops abcda and ebcfe. The choice of 

loops is quite arbitrary, but it should be such that each 

resistance is included at least once in the selected loops. 

After selecting the loops, suppose a current /, is flowing in the 

first loop and 1, in the second loop, all flowing in the same 

sense. These currents are called loop currents. The actual 
currents will be calculated with their help. It should be noted 


mat the sense of the current flowing in all loops should 


essentially be the same. It may be clockwise or anticlockwise. 
Here we have assumed it to be clockwise (Fig. 13.22). 


considered as positive and J, as negative. Using this 
convention the current flowing through R; is (J, - I) and the 
voltage change across is - (/, - J) R,. The voltage change 
across the battery E, is E, . Thus the Kirchhoffs second rule as 
applied to the loop abcda gives 

SIEHE 20 
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‘Substituting the values, we have 
-40V-1,x100- (1 -4)x300+60V=0 
20V-100x[1,*30,-1)] 70 

or 41,-31,=2VO"=2A m (13.21) 

FVV 


et ( 10 R-LR,* E, 70 
Substituting the values, we have 
~60V- C.- 1) x300-/,x159+50V=0 
-10V-15Qx[/,*2(,-1)]-0 
or  61-9L-2VQ'-2A ^ 2: 1322) 
Solving Eq. 13.21 and Eq. 13.22 for / and i. we get 
[ES and [E 


Knowing the values of loop currents J. and 7, the actual 
current flowing through each resistance of the circuit can be 
a Gee eee and /, are the actual 


currents through the resistances R, and R,. The actual 
current through R, is the difference of /, and /, and its direction 
is along the larger current. Thus. 


The current through R, = I, == A = 0.66 A flowing in the 
direction of / i.e., from ato d. 


The current through R, = J, -/, = = 30-5 A- 044A flowing in 
the direction of /, i.e. fromctob. 3 


The e LUE RIA 0.22 A flowing in the. 
direction of /, 


Solütion of Circuit Problems 


After solving the above problem we are in a position to apply 
the same procedure to analyse other direct current complex 
networks. While using Kirchhoff rules in other problems, itis 
worthwhile to follow the approach given below: 

() ^ Drawthe circuit diagram. 


% me choice of loops should be such that each 
resistance is included at least once in the selected loops. 
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(i) ^ Assume a loop current in each loop, all the loop 
currents should be in the same sense. It may be 
either clockwise or anticlockwise. 

(vj Write the loop equations for all the selected loops. 
For writing each loop equation the voltage change 
across any component is positive if traversed from 
low to high potential and it is negative if traversed 
from high to low potential 


Solve these equations for the unknown quantities. 


Fig. 13.23 consists 
of four resistances R, R, R, and R, connected in such a way 
soastoform a mesh ABCDA. A battery is connected between 
points A and C. A sensitive galvanometer of resistance R, is 
C connected between points B and D. If the switch S is closed, 
a current will flow through the galvanometer. We are to 
determine the condition under which no current flows 
through the galvanometer even after the switch is closed. For 
Seka pee ve aja e cera an a as 
rule. We consider the loops ABDA, BCDB and ADCA and 
assume anticlockwise loop currents /,, /, and /, through the 
loops respectively. e S ac nd e os ap D 
loopABDAgives 


Similarly by applying the Kirchhoffs second rule to loop 
"BCDB wehave 


The current flowing through the galvanometer will be zero if, 
I, - I, = 0 or J, = l, With this condition Eq. 13.23 and 
Eq. 13.24 reduce to 


Dividing Eq. 13.25 by Eq. 13.26 


whenever the 


conversely when the 
circuit shows no deflection, Eq. 13.27 is satisfied. 
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If we connect three resistances R, R, and R, of known 
adjustable values and a fourth resistance R, of unknown 
value and the resistances R,, R, and R, are so adjusted that 
the galvanometer shows no deflection then, from the known 
resistances R,, R, and R, the unknown resistance R, can be 
determined by using E: 


Potential difference is usually measured by an instrument 
called a voltmeter. The voltmeter is connected across the two 
points in a circuit between which potential difference is to be 
measured. It is necessary that the resistance of the voltmeter 
be large compared to the circuit resistance across which the 
voltmeter is connected. Otherwise an appreciable current will 
flow through the voltmeter which will alter the circuit current and 
the potential difference to be measured. Thus the voltmeter can 
read the correct potential difference only when it does not draw 
any current from the circuit across which it is connected. An 
ideal voltmeter would have an infinite resistance. 


However, there are some potential measuring instruments 
such as digital voltmeter and cathode ray oscilloscope which 
practically do not draw any current from the circuit because of ee E 
their large resistance and are thus very accurate potential — 

measuring instruments. But these instruments are very 
expensive and are difficult to use. A very simple instrument 
which can measure and compare potential differences 
accurately is a potentiometer. A s 
A polentiometer consists of a resistor R in the form of a wire 

on which a terminal C can slide (Fig. 13.24 a). The resistance 
between A and C can be varied from 0 to R as the sliding ™ 
contact C is moved from A to B. If a battery of emf E is muu 
connected across R (Fig. 13.24 b), the current flowing 
through itis / = E/R. If we represent the resistance between A 
and C by r, the potential drop between these points will be 
rl=r E/R. Thus as C is moved from Ato B, rvaries from 0 to R 
and the potential drop between A and C changes from 0 to E. 
Such an arrangement also known as potential divider can be 
used to measure the unknown emf of a source by using the 
circuit shown in Fig. 13.25. Here R is in the form of a straight. 
wire of uniform area of cross section. A source of potential, 
say a cell whose emf E, is to be measured, is connected 
between A and the sliding contact C through a galvanometer 
G. It should be noted that the positive terminal of E, and that of Fig. 13.25 
the potential divider are connected to the same point A. If, in 
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the loop AGCA, the point C and the negative terminal of E, are. 


galvanometer shows 

emf E, of the cell is equal to the 

and C whose value Er/Ris known. in case of a wire of uniform 
cross section, the resistance is proportional to the length of the 
wire. Therefore, the unknown emf is also given by 


where L is the total length of the wire AB and £ is its length from 
A to C, after C has been adjusted for no deflection, As the 
maximum potential that can be obtained between A and C is E, 
so the unknown emf E, should not exceed this value, otherwise 
"the null condition will not be obtained. It can be seen that the 
unknown emf E, is determined when no currentis drawn from it 
and therefore, potentiometer is one of the most accurate 
methods for measuring potential. 

The method for measuring the emf of a cell as described 
above can be used to compare the emfs E, and E, of two 
cells. The balancing lengths ¢, andi, are found separately for 
the two cells. Then, 


D t 
set E 
EET and BE 


Dividing these two: 


So the ratio of the emfs is equal to ratio of the balancing 
lengths. 


JMMARY 


13.1 


13.2 
13.3 


Certain liquids conduct electricity due to some chemical reaction that takes place 
within them. The study of this process is known as electrolysis. 


The potential difference V across the ends of a conductor is directly proportional io 
the current / flowing through it provided the physical state such as temperature etc. 
of the conductor remains constant. 


The fractional change in resistance per kelvin is known as temperature coefficient of 
resistance. 


Athermistoris a heat sensitive resistor. Most thermistors have negative temperature 
coefficient of resistance. 


à 
Electrical power P= VI Re 


The emf E ofthe source is the energy supplied to unit charge by the cell. 


The sum of all the currents meeting at a point in a circuit is zero is the Kirchhoff's first 
rule. 


The algebraic sum of potential changes in a closed circuit is zero is known as 
Kirchhoffs second rule. 


A potential difference is applied across the ends of a copper wire. What is the effect 
on the drift velocity of free electrons by 


() ^ increasing the potential difference 


(i) decreasing the length and the temperature of the wire 
Do bends in a wire affectits electrical resistance? Explain. 


What are the resistances of the resistors given in the figures A and B? What is 
the tolerance of each? Explain what is meant by the tolerance? 
Brown Siver 
Green Orange 


Red aay White 


a 
means 
Why does the resistance of a conductor rise with temperature? 


What are the difficulties in testing whether the filament of a lighted bulb obeys Ohm's 
law? 
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13.6 


13.7 
13.8 


13.9 


13.1 


13.2 


13.3 


Is the filament resistance lower or higher in a 500 W, 220 V light bulb than in a 100W, 
220 V bulb? 


Describe a circuit which will give a continuously vat g potential. 


Explain why the terminal potential difference of a battery decreases when the 
current drawn fromitis increased? 


What is Wheatstone bridge? How can it be used to determine an unknown 
resistance? 


How many electrons pass through an electric buib in one minute if the 300 mA 
currentis passing through it? (Ans: 1.12x 10) 


Acharge of 90 C passes through a wire in 1 hour and 15 minutes. Whatis the current 
inthe wire? (Ans: 20 mA) 


Find the equivalent resistance of the circuit (Fig.P.13.3), total current drawn from the 
source and the current through each resistor. 


R-6n 


aus: 600, 10A, 05A, 0.5A, 1.04) 


A rectangular bar of iron is 2.0 cm by 2.0 cm in cross section and 40 cm long. 
Calculate its resistance if the resistivity of iron is 11 x 10*Qm. (Ans: 1.1x10*0) 


The resistance of an iron wire at O C is 1 x 10' Q. What is the resistance at 500 °C if 
the temperature coefficient of resistance ofironis5.2x 10K? — (Ans:3.6x 10*Q) 


Calculate terminal potential difference of each of cells in circuit of Fig. P.13.6. 


(Ans: 23.8 V, 7.8 V) 


Fig? 13.6 
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18.7 Find the current which flows in all the resistances of the circuit of Fig. P.13.7. 


LI 


Fig. P. 137 (Ans: 1.25 A, 0.5 A) 


13.8 Find the current and power dissipated in each resistance of the circuit, shown in 
Fig. P.13.8. 


rr 
(Ans: 0.8 A. 1.4 A. 2.2 A. 0.64 W. 1.96 W. 3.92 W. & 9.68 W) 
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| ELECTROMAGNETISM — 


Learning Objectives 
Atthe end ofthis chapter the students will be able to: 


1. Appreciate that a force might act on a current carying conductor placed in a 


2. Define magnetic flux density and the tesla. 

3 Derive and use the equation F= B/L sin@ with directions. 

4. Understand how the force on a current carrying conductor can be used to measure 
the magnetic flux density of a magnetic field using a current balance. 

5. Describe and sketch flux patterns due to a long straight wire. 

6. Define magnetic flux and the weber. 

7. Deriveanduse the relation o- B. A. , 

8. Understand and describe Ampere's law. 

9. Appreciate the use of Ampere's law to find magnetic flux density inside a solenoid, 


10. Appreciate that there acts a force on a charged particle when it moves in a uniform 
magnetic field and in electric field. 


1 Desoria ine dw(éolion of bese oro oS NOD EUG TTC 


12. Understand and describe method to measure e/m. 

13. Know the basic principle of cathode ray oscilloscope and appreciate its use. 
14.  Derivetheexpression of torque due to couple acting on a coil. 

15. Know the principle, construction and working of a galvanometer. 

16. Know howa galvanometer is converted into a voltmeter and an ammeter. 
17. Describe and appreciate the use of AVO meter/multimeter. 

18. Read through analogue scale and digital display on electrical meters. 


(BM field. At the same time, a magnetic field 
electric current. This. of electricity and magnetism is widely used in a 
age technology. 


Take a straight, thick copper wire and pass it vertically 
through a hole in a horizontal piece of cardboard. Place 
mall compass needles on the cardboard along a circle with 
the centre at the wire. All the compass needles will point in 
the direction of N- S. Now pass a heavy current through the 
wire. It will be seen that the needles will rotate and will set 
themselves tangential to the circle (Fig. 14.1 a). On reversing 
the direction of current, the direction of needles is also 
reversed. As the current through the wire is stopped, all the 
needles again point along the N - S direction. 

Following conclusions can be drawn from the above 
mentioned experiment: 

() A magnetic field is set up in the region 
surrounding a current carrying wire. 

(i) The lines of force are circular and their 
direction depends upon the direction of 
current. 

(i) ^ The magnetic field lasts only as long as the 
currentis flowing through the wire. 

The direction of the lines of force can be found by a rule 
concluded directly from the above experiment which is stated 
as follows: 


This is known as right hand rule and is illustrated in 
Fig. 14.1 (b). 


We have seen that a current carrying conductor sets up its 
‘own magnetic field. If such a conductor is placed in an 
external magnetic field, the magnetic field of the conductor 
will interact with the external magnetic field, as a result of 
which the conductor may experience a force. To demonstrate 
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Fig. 14.1 (a) 


Fig. 14.1 (0) 


RH 


Do You Know? this effect, consider a rod of copper, capable of moving on a 
It the middle finger of the right hand pair of copper rails. The whole arrangement is placed in 
between the pole pieces of a horseshoe magnet so that the 
copper rod is subjected to a magnetic field directed vertically 
upwards (Fig. 14.2). 
conduction 
ails 


mw 
When a current is passed through the copper rod from a 
battery, the rod moves on the rails. The relative directions of 
the current, magnetic field and the motion of the conductor 
are shown in Fig. 14.3. It can be seen that the force on a 
conductor is always at right angles to the plane which 
Pama contains the rod and the direction of the magnetic field. The 


magnitude of the force depends upon the following factors: 


() The force Fis directly proportional to sina where a is 
the angle between the conductor and the field. From 
this, it follows that the force is zero if the rod is placed 
parallel to the field and is maximum when the 
conductoris placed at right angles to the field. 

Fx sina. 

(i) The force F is directly proportional to the current / 
flowing through the conductor. The more the current, 
greater is the force. 

Fal 

we force F is directly proportional to the length L of 

the conductor inside the magnetic field. 
Fal 

liv) The force F is directly proportional to the strength of 

‘traction the applied magnetic field, The stronger the field, the 

greater is the force. If we represent the strength of the 

— - fieldby B, then 
Elana and oppo econ F«B 
22 Combining all these factors, 


sec pipe Mat P vi le Fx Il SS 


Wot  Wre2 
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or F= kILBsina 


where k is constant of proportionality. If we follow SI units, the 
value of kis 1. Thus in Sl units 
Fe 2044) 
Eq.14.1 provides a definition for the strength of magnetic 
field. If/2 1A, L2 1 manda - 90", then F= B. Thus B, the 
strength of magnetic field which is also known as magnetic 
induction is defined as the force acting on one metre length of 
the conductor placed at right angle to the magnetic field when 
1 A current is passing through it. In SI units the unit of B is 
tesla. Amagnetic field is said to have a strength of one tesla if 
it exerts a force of one newton on one metre length of the 
conductor placed at right angles to the field when a current of 
one ampere passes through the conductor. Thus 


r- 
Itcanbe seen that the force on a current carrying conductor is 
given both in magnitude and direction by the following 


equation: — 
CCD SPSS (442) 


where the vector L is in the direction of current flow. The 
magnitude of the vector / L x B is / L B sina, where a is the 
angle between the vector L and B. This gives the magnitude 
of the force. The direction of the force F (Fig. 14.3) is also 
correctly given by the right hand rule of the cross product of 
vectors of L and B i.e., rotate L to coincide with B through the 
smaller angle. Curl the fingers of right hand in the direction of 
rotation. The thumb points in the direction of force. In some 
situations the direction of the force is conveniently 
determined by applying the following rule: 


Consider a straight current carrying conductor held at right 
angle to a magnetic field such that the current flows out of he 
plane of paper ie. towards the reader as shown in 
Fig. 14.4. It is customary to represent a current flowing 
towards the reader by a symbol dot (s) and a current flowing 
away from him by a cross (x). 


In order to find the direction of force, consider the lines of 
force (Fig. 14.4). The two fields tend to reinforce each other 
on left hand side of the conductor and cancel each other on 
the right side of it. The conductor tends to move towards the 
weaker part of the field i.e., the force on the conductor will be 
directed towards right in a direction at right angles to both the 
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conductor and the magnetic field. This rule is often referred as 
extension of right hand rule. It can be seen that the direction of 
the force is the same as given by the direction of the vector Lx B. 


Like electric flux, the magnetic flux , through a plane 
element of area A in a uniform magnetic field B is given by dot 
product of B and A (Fig. 14.5). 
. B. A 
ECC 
Note that A is a vector whose magnitude is the area of the 
element and whose direction is along the normal to the 
surface of the element, 8 is the angle between the directions 
ofthe vectors B and A. 


In Fig. 14.5 (b) the field is directed along the normal to the 
area, so 6 is zero and the flux is maximum, equal to BA. 
When the field is parallei to the plane of the area (Fig.14.5 c), 
the angle between the field and normal to area is 90" i.e., 
6-90", sothe flux through the area in this position is zero. 


In case of a curved surface placed in a non uniform magnetic 
field, the curved surface is divided into a number of small 
surface elements, each element being assumed plane and 
the fiux through the whole curved surface is calculated by 
sum ofthe contributions from all the elements of the surface. 
From the definition of tesla, the unitof magnetic fluxis NmA" 
whichis called weber (Wb). 
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According to Eq.14.3, the magnetic induction B is the flux per 
unit area of a surface perpendicular to B, hence it is also 
called as flux density. Its unit is then, Wbm*. Therefore, 
magnetic induction, ie. the magnetic field strength is 
measured in terms of Wom or NA"m' (tesla). 


We know that an electric current produces a magnetic field. 
Ampere, after carrying out a series of experiments, 
generalized his results into a law known as Ampere circuital 
law by which the magnetic flux density B at any point due to a 
current carrying conductor can be easily computed as 
explained below: 
Consider a closed path in the form a circle of radius r 
enclosing the current carrying wire (Fig.14.6). This closed 
path is referred as Amperean path. Divide this path into small 
elements of length like AL. Let B be the value of flux density at 
the site of AL. Determine the value of B.AL. If 8 is the angle 
between Band AL, then 

B.AL - BAL cos® 
B cose represents the component of B along the element of 
length AL i.e., ComponentofB parallélto AL. Thus B.AL 
represents the product of the length of the element AL and 
the component of B parallel to AL. Ampere stated that the 
sum of the quantities B.AL forall path elements into which the 
complete loop has been divided equals y, times the total 
current enclosed by the loop, where p, is a constant, known 
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as permeability of free space. in SI units its value is 
Ax x 10" Dm This can be mathematically expressed as 


(B.AL), + (B.AL), +... + (BAL) + .... + (BAL) = u. | 


LE š : 


where (B.AL ),is the value of B.AL along the r th element and 
N is the total number of elements into which the loop has 
been divided. This is known as Ampere's circuital law. 


A solenoid is a long, tightly wound, cylindrical coil of wire. 
When current passes through such a coil, it behaves like a 
DDD bar magnet. The magnetic field produced by it is shown in 
Fig. 14.7 (a). The field inside a long solenoid is uniform and 
much strong whereas out side the solenoid, itis so weak that 
itcan be neglected as compared to the field inside. | 
The value of magnetic filed B can be easily determined by 
applying Ampere's circuital law. Consider a rectangular loop 
abcd as shown in Fig. 14.7 (b). Divide it into four elements of 
length ab = f,, bc c= end da-, | 
E E 


" 9509900900 


-— 
Applying Ampere's law, we have. 

H 

YG.AL), = u xcurrent enclosed 


a 
(B.AL),+(B.AL),+(B.AL),+(B.AL),=,x_ currentenclosed 
Now we will calculate the value of B.AL for each of the 
elements. First we will consider the element ab = /, that lies 
inside the solenoid. Field inside the solenoid is uniform and is 

parallelto (Fig. 14.7b), so 
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For the element cd = /, that lies outside the solenoid , the 


field Bis zero, so 
(.4L)-0 — =] 


Again B is perpendicular to /, and / inside the solenoid and is Phantom bar magnet 
zero outside, so 5 


(B.AL),=(B.AL),=0 


n 
È (B. AL).- B/, =p, xcurrentenclosed 
25 


n is the number of tums per unit length of the solenoid, the 
rectangular surface will intercept n/, turns, each carrying a 
current / So the current enclosed by the loop is né, J. Thus 
Ampere'slaw gives. 


f 0 ner 45) „ 1 
The field B is along the axis of the solenoid and its direction is 
given by right hand grip rule which states "hold the solenoid in 
the right hand with fingers curling in the direction of the 


current, the thumb will point in the direction of the field”. (s) Attraction 
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We have seen that a current carrying conductor, when placed 
ina magnetic field, experiences a force. The current through 
the conductor is because of the motion of charges. Actually 
the magnetic field exerts force on these moving charges due 
towhich the conductor experiences force. We are interested 
incalculating the force exerted on the moving charges. 
Consider the situation as shown in Fig. 14.8 where we see a 
portion of the wire that is carrying a current J. Suppose there 
are n charge carriers per unit volume of the wire, and that 
each is moving with velocity v as shown. We will now find how 
long it takes for all the charge carriers originally in the wire 
segment shown to exit through the end area A. 


The volume of the wire segmentis AL. Because there are n 
charge carriers per unit volume, the number of charge carrier 
in the segmentis n AL. Ifthe charge on a charge carrier is q, 
‘each of it, as it crosses the end area, will transport a charge q 
through it. Assuming the speed of the carriers to be v, the 
carrier entering the left face of the segment takes a time 
At = Liv to reach the right hand face. During this time, all the 
charge carriers originally in the segment, namely n AL, will 
exitthrough the right hand face. As each charge carrier has a 
charge q, the charge AQ that exits through the end area in 
time At= Lis 


AQ=nALq 


Then, from the definition of the current, the current / through 
the conductor is 


By Eq.142, the force on the segment L of a conductor, 
carrying current is given by 
F=/LxB 
‘Substituting the value of the cu 


| InFig.14.8, it can be seen that the direction of the segment L 
is the same as the direction of the velocity of the charge 
carriers. If L is a unit vector along the direction of the segment 
Land), a unit vector along the velocity vector v, then L= v 

vL-vEL 
=vŷL =vL 
Substituting the value of vL in Eq.14.7, we have 
F,-nAq(vL)xB 
= nALqvxB 
nALis the total number of charge carries in the segment L, so 
the force experienced by a single charge carrier is 
R 
== 
Fa Ar av 
Thus the force experienced by a single charge carrier moving 
with velocity v in magnetic field of strength B is 


Although the Eq.14.8 has been derived with reference to 
charge carrier moving in a conductor but it does not involve 
any parameter of the conductor, so the Eq.14.8 is quite 
general and it holds for any charge carrier moving in a 
magnetic field. 


If an electron is projected in a magnetic field with a velocity v, 
in 


it will experience a force which is given by putting q = 
Eq.14.8 where eis the magnitude of the electronic charge. 


In case of proton, Fis obtai ingq=+e. 


in case of pi ora rge 
of the force is given by the direction of the vector v x B i. 
rotate v to coincide with B through the smaller angle 
rotation and curl the fingers of right hand in the direction of 
rotation. Thumb will point in the direction of the force. This is 
illustrated in Fig.14.9 in which the proton enters into a 
‘magnetic field, as shown in figure, along the direction of 
dotted line. It experiences a force in the upward direction as 
given by the vector v x B. Asa result ofthis force the proton is. 
deflected upwards as shown in Fig. 14.9. The direction ofthe 
force on a moving negative charge will be opposite to that of 
positive charge. Due to this force, the electron is deflected in 
the downward direction as it enters into a magnetic field. It 
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Fig, 14.10 


may be noted that the magnitude of the force on a moving 
charge carrier is qvBsin8 where 8 is the angle between the 
velocity of the carrier and the magnetic field. It is maximum 
when 8 = 90 i.e., when the charged particle is projected at 
right angles to the field. It is zero when 0 = Ole. a charged 
particle projected in the direction of the field experiences no 


When an electric charge q is placed in an electric field E, It 
experiences a force F parallel to electric field (Fig. 14.10). Itis 
givenby 

F-qE 
If the charge is free to move, then it will accelerate 
according to Newton's second law as 


(14.11) 


If electric field is uniform, then acceleration is also uniform 
and hence, the position of the particle at any instant of time 
can be found by using equations of uniformly accelerated 
motion. 

When a charge particle q is moving with velocity v in a region 
where there is an electric field E and magnetic field B, the 
total force F is the vector sum of the electric force 
qEandmagnetic force q (vx B) thatis, 

F=F,+F, 


=qE+q(vxB) 4.12) 
This force F is known as the Lorentz force. It is to be pointed 
out that only the electric force does work, while no work is 
done by the magnetic force whichis simply a deflecting force. 


Leta narrow beam of electrons moving with a constant speed 
v be projected at right angles to a known uniform magnetic 
field B directed into plane of paper. We have seen that 
electrons will experience a force 


F=-evxB 


The direction of the force will be perpendicular to both v and 
B. As the electron is experiencing a force that acts at right 
angle to its velocity, so it will change the direction of the 
velocity. The magnitude of velocity will remain unchanged. 
The magnitude of the force is evBsin®. As 8 is 90°, so 
F= evB. As both and B donot change, the magnitude of Fis 
constant. Thus the electrons are subjected to a constant 
force evB at right angle to their direction of motion. Under the 
action of this force, the electrons will move along a circle as 
shown in Fig. 14.11. 


The magnetic force F = Bev provides the necessary 
centripetal force” to the electron of mass mto move along 
T 
a circular trajectory ofradiusy. Thus wehave 
mv. 


e 
or 55 (14.13) 
If and rare known, e/m of the electron is determined. The 
radius r is measured by making the electronic trajectory 
visible. This is done by filling a glass tube with a gas such as 
hydrogen at low pressure. This tube is placed in a region 
occupied by a uniform magnetic field of known value. As 
electrons are shot into this tube, they begin to move along a 
circle under the action of magnetic force. As the electrons 
move, they collide with atoms of the gas. This excites the 
atoms due to which they emit light and their path becomes 
visible as a circular ring of light (Fig. 14.12). The diameter of 
the ring can be easily measured, 


In order to measure the velocity vof the electrons, we should 
know the potential difference through which the electrons are 
accelerated before entering into the magnetic field. If Vis 
this potential difference, the energy gained by electrons 
during their acceleration is Ve. This appears as the kinetic 
energy of electrons 


or 


‘Substituting the value of vin Eq. 14.13, we have 
e _2V E (14.14) 
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Fig 41 An electron is moving 
"he magna tace esos 
the particle to move ona circular path. 


Fig. 14.12 


Example 14.4: Find the radius of an orbit of an electron. 
moving ata rate of 2.0 x 10’ ms" in a uniform magnetic field of 
1:20x10"T. 


Solution: 
Speedofthe electron =v =2,0x10' ms” 
Magneticfieldstrength =B =1.20x10°T 
Mass of the electron =m=9.11x10"kg 
Chargeon electron =e =1.61x10"C 
‘The radius of the orbitis 
mv 


r=™ 


eB 
9411107 kgx 20107 m 
161x109 Cx1.20%10° T 


r2943x10*m 


Example 14.5: Alpha particles ranging in speed from 
1000 ms” to 2000 ms enter into a velocity selector where the 
electric intensity is 300 Vm and the magnetic induction 
0.20 T. Which particle will move undeviated through the field? 


Solution: 
E-300Vm'-2300NC' , 8=0.20T 
Only those particles will be able to pass through the plate for 
which the electric force eE acting on the particles balances 
the magnetic force Bev on the particle as shown in the figure. 
Therefore eE= Bev 
Thus, the selected speedis 
. E__300NC™ » 
V" B^g20NA WA ome 
The alpha particles having a speed of 1500 ms" will move 
undeviated through the field. 


Cathode ray oscilloscope (CRO) is a very versatile electronic 
instrument which is, in fact, a high speed graph plotting 
device. It works by deflecting beam of electrons as they pass 
through uniform electric field between the two sets of parallel 
plates as shown in the Fig. 14.13(a). The deflected beam then 
falls on a fluorescent screen where it makes a visible spot. 
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Itcan display graphs of functions which rapidly vary with time. 
It is called cathode ray oscilloscope because it traces the 
desired waveform with a beam of electrons which are also 
called cathode rays. 


The beam of the electrons is provided by an electron gun 
which consists of an indirectly heated cathode, a grid and 
three anodes. The filament F heats the cathode C which 
emits electrons, The anodes A,, A., A, which are at high 
positive potential with respect to cathode, accelerate as well 
as focus the electronic beam to fixed spot on the screen S. 
The grid Gis ata negative potential with respect to cathode. It 
controls the number of electrons which are accelerated by 
anodes, and thus it controls the brightness of the spot formed 
on the screen. 


Now we would explain how the waveform of various voltages 
is formed in CRO. 


The two set of deflecting plates, shown in Fig. 14.13(a) are 
usually referred as x and y deflection plates because a 
voltage applied between the x plates deflects the beam 
horizontally on the screen i.e., parallel to x-axis. A voltage 
applied across the y plates deflects the beam vertically on the 
screen i.e., along the y-axis, The voltage that is applied 
across the x plates is usually provided by a circuit that is built 
in the CRO. It is known as sweep or time base generator. Its 
output waveform is a saw tooth voltage of period T 
(Fig. 14.13-b). The voltage increases linearly with time for a 
period T and then drops to zero. As this voltage is impressed 
across the x plates, the spot is deflected linearly with time 
along the x-axis for a time T. Then the spot returns to its 
starting point on the screen very quickly because a saw taoth 
voltage rapidly falls to its initial value at the end of each 
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Fig. 14.13 (a) 
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Saw tooth voltage waveform 
Fig. 14.13 (b) 
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Fig. 1414 


period. We can actually see the spot moving on the x-axis. If 
the time period Tis very short, we see justa bright line on the 
screen. 


If a sinusoidal voltage is applied across the y plates when, 
simultaneously, the time base voltage is impressed across 
the x plates, the sinusoidal voltage, which itself gives rise to a 
vertical line, will now spread out and will appear as a 
sinusoidal trace on the screen. The pattern will appear 
stationary only if the time Tis equal to or is some multiple of 
the time of one cycle of the voltage on y plates. It is thus 
necessary to synchronize the frequency of the lime base 
generator with the frequency of the voltage at the y plates. 
This is possible by adjusting the synchronization controls 
provided on the front panel ofthe CRO. 


The CRO is used for displaying the waveform of a given 
voltage. Once the waveform is displayed, we can measure 
the voltage, its frequency and phase. For example, 
Fig. 14.14(a) shows the waveform of an alternating voltage. 
As the y-axis is calibrated in volts and the x-axis in time, we 
can easily find the instantaneous value and peak value of the 
voltage. The time period can also be determined by using the 
time calibration of x-axis. Information about the phase 
difference between two voltages can be obtained by 
simultaneously displaying their waveforms. For example, the 
waveforms of two voltages are shown in Fig. 14.14(b). These 
waveforms show that when the voltage of I is increasing, that 
of Il is decreasing and vice versa. Thus the phase difference 
between these voltages is 180". 


Consider a rectangular coil carrying a curent /. The coll is 
capable of rotation about an axis . Suppose itis placed in uniform 
magnetic field B with its plane along the field (Fig. 14.15). We 
know that a current carrying conductor of length L when placed 
in a magnetic field experiences a force F = I L B sind where 0 is 
the angle between conductor and the field. In case of sides AB 
and CD of the coil, the angle @ is zero or 180°, so the force on 
these sides wil be zero. In case of sides DA and BC, the angle & 
is 90" and the force on these sides will be 
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h F= 
where L is the length ofthese sides, F, is the force on the side 
DA and F, on BC. The direction of the force is given by the 
vector /LxB. Itcan be seen that F, is directed out of the plane 
of paper and F, into the plane of paper (Fig. 14.15 a). 
Therefore, the forces F, and F, being equal and opposite 
form a couple which tends to rotate it about the axis. The 
torque of this couple is given by 


17 Force x Moment am 
=/LBxa 
where a is the moment arm of the couple and is equal to the 
length ofthe side AB or CD. Ca is the area A of the coil, 
118A (14.15) 


Note that the Eg. ia. is gives the value of torque when the 
field B is in the plane of the coil. However ifthe field makes an 
angle a with the plane of the coil, as shown in Fig 14.15(b), 
the moment arm now becomes a cosa. So 


t=/LBxacosa 


or t=/BAcosa (14.16) 


A galvanometer is an electrical instrument used to 
detect the passage of current. Its working depends upon 
the fact that when a conductor is placed in a magnetic 
field, it experience a force as soon as a current passes 
through it. Due to this force, a torque x acts upon the 
conductor if itis in the form of a coil or loop. 


17N/BAcosa 


where N is the number of turns in the coil, A is its area, / is 
current passing through it, B is the magnetic field in which the 
coil is placed such that its plane makes an angle a with the 
direction of B. Due to action of the torque, the coil rotates and 


n 


(Top view of coil) 
Fig 3415 (0) 


thus it detects the current. The construction of a moving coil 
galvanometeris shown in Fig. 14.16 (a). 


A rectangular coil C is suspended between the concave 
shaped poles N and S of a U-shaped magnet with the help of 
a fine metallic suspension wire. The rectangular coil is made 
of enameled copper wire. It is wound on a frame of non- 
magnetic material. The suspension wire F is also used as 
one current lead to the coil. The other terminal of the coil is 
connected to a loosely wound spiral E which serves as the 
second current lead. Asoft iron cylinder D is placed inside the 
coll to make the field radial and stronger near the coil as 
shown in Fig. 14.16 (b). 


When a current is passed through the coil, itis acted upon by 
a couple which tends to rotate the coil. This couple is known 
as deflecting couple and is given by N / BA cosa. As the coil is 
placed in a radial magnetic field in which the plane of the coil 
is always parallel to the field (Fig. 14.16 b), so a is always 
zero. This makes cosa = 1 and thus, 
Defiecting couple=N/BA 

As the coil turns under the action of deflecting couple, 
the suspension wire Fig. (14.16 a) is twisted which gives 
rise to a torsional couple. It tends to untwist the 
‘suspension and restore the coil to its original position, 
This couple is known as restoring couple. The restoring 
couple of the suspension wire is proportional to the 
angle of deflection 8 as long as the suspension wire 
‘obeys Hooke's law. Thus 


Restoring torque 7 c8 


where the constant c of the suspension wire is known as 
torsional couple and is defined as couple for unit twist. 


Under the effect of these two couples, coil comes to rest 
when Deflecting torque = Restoring torque 


Thus the current passing through the coil is directly 
proportional to the angle of deflection, 
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There are two methods commonly used for observing the 
angle of deflection of the coil. In sensitive galvanometers the 
angle of deflection is observed by means of small mirror 
attached to the coil along with a lamp and scale arrangement. 
(Fig.14.17). A beam of light from the lamp is directed towards 
the mirror of the galvanometer. After reflection from the mirror 
it produces a spot on a translucent scale placed at a distance 
of one metre from the galvanometer. When the coil rotates, 
the mirror attached to coil also rotates and spot of light moves 
along the scale. The displacement of the spot of light on the 
scale is proportional to the angle of deflection (provided the 
angle of deflection is small). 


The galvanometer used in school and college laboratories is 
a pivoted type galvanometer. In this type of galvanometer, 
the coil is pivoted between two jewelled bearings. The 
restoring torque is provided by two hair springs which also 
serve as current leads. A light aluminium pointer is attached 
to the coil which moves over a scale (Fig. 14.18). It gives the 
angle of deflection of the coil. 


Itis obvious from Eq. 14.17 that a galvanometer can be made 
more sensitive (to give large deflection for a given current) if 
CIBAN is made small. Thus, to increase sensitivity of a 
galvanometer, c may be decreased or B, A and N may be 
increased, The couple c for unit twist of the suspension wire 
can be decreased by increasing its length and by decreasing 
its diameter. This process, however, cannot be taken too far, 
as the suspension must be strong enough to support the coil. 
Another method to increase the sensitivity of galvanometer is 
to increase N, the number of tums of the coil. In case of 
suspended coil type galvanometer, the number of turns can 
not be increased beyond a limit because it will make the coil 
heavy. To compensate for the loss of sensitivity, in case 
fewer tums are used in the coil, we increase the value of the 
magnetic field employed. We define current sensitivity of a 
galvanometer as the current, in microamperes, required to 
produce one millimetre deflection on a scale placed one 
metre away from the mirror of the galvanometer. 


When the current passing through the galvanometer is 
discontinued, the coil will not come to rest as soon as the 
current flowing through the coil is stopped. It keeps on 
oscillating about its mean position before coming to rest. In 
the same way if the current is established suddenly in a 
galvanometer, the coil will shoot beyond its final equilibrium 
Position and will oscillate several times before coming to rest 
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Fig. 14.17 


Fig 14.18 


at its equilibrium position. As it is annoying and time 
consuming to wait for the coil to come to rest, artificial ways 
are employed to make the coil come to rest quickly. Such 
galvanometer in which the coil comes to rest quickly after the 
Current passed through it or the current is stopped from 
flowing through it, is called stable or a dead beat 
galvanometer. 


An ammeter is an electrical instrument which is used to 
measure current in amperes. This is basically a 
galvanometer. The portion of the galvanometer whose 
motion causes the needle of the device to move across the 
scale is usually known as meter - movement. Most meter 
movements are very sensitive and full scale deflection is 
obtained with a current of few milliamperes only. So an 
ordinary galvanometer cannot be used for measuring large 
currents without proper modification. 
Suppose we have a galvanometer whose meter - movement 
(coil) has a resistance R, and which gives full scale deflection 
when current I. is passed through it. From Ohm's law we 
know that the potential difference V, which causes a current /, 
to pass through the galvanometer is given by 

. 
If we want to convert this galvanometer into an ammeter 
which can measure a maximum current /, it is necessary to 
connect a low value bypass resistor called shunt. The shunt 
resistance is of such a value so that the current /, for full scale 
deflection of the galvanometer passes through the 
galvanometer and the remaining current (/ - /,) passes 
through the shunt in this situation (Fig. 14.19). 
The shunt resistance R, can be calculated from the fact that 
as the meter - movement and the shunt are connected in 
parallel with each other, the potential difference across the 
meter - movement is equal to the potential difference across 
the shunt. 


4R,=(1-1)R, 


uum 

or R, M Roo (14.18). 
a 

The resistance of the shunt is usually so small that a piece of 


74 


copper wire serves the purpose. The resistance of the 
ammeter is the combined resistance of the galvanometer's 
meter - movement and the shunt. Usually itis very small. An 
ammeter must have a very low resistance so that it does not 
disturb the circuit in which itis connected in series in order to 
measure the current. 


A voltmeter is an electrical device which measures the 
potential difference in volts between two points. This, too, is 
made by modifying a galvanometer. Since a voltmeter is 
always connected in parallel, it must have a very high 
resistance so that it will not short the circuit across which the 
voltage is to be measured. This is achieved by connecting a 
very high resistance R, placed in series with the meter - 
movement (Fig.14.20). Suppose we have a meter - 
movement whose resistance is R, and which deflects full 
scale with a current I. In order to make a voltmeter from it 
which has a range of V volts, the value of the high resistance 
R, shouid be such that full scale deflection will be obtained 
when itis connected across V volt. Under this condition the 
current through the meter - movement is /,. Applying Ohm's 
law (Fig. 14.20) we have 
V=i,(R,+R,) 


If the scale of the galvanometer is calibrated from 0 to 
V volts, the combination of galvanometer and the series 
resistor acts as a voltmeter with range 0 - Vvolts. By properly 
arranging the resistance R, any voltage can be measured. 
Thus, we see that a voltmeter possesses high resistance. 


It may be noted that a voltmeter is always connected across 
the two points between which potential difference is to be 
measured. Before connecting a voltmeter, it should be 
assured that its resistance is very high in comparison with the 
resistance of the circuit across which it is connected 
otherwise it will load the circuit and will alter the potential 
difference which is required to be measured. 
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Itis a useful device for rapid measurement of resistance. 
consists of a galvanometer, and adjustable resistance r, anc 


short circuited, i.e., when R = 0, the galvanometer gives ful 
scale deflection. So the extreme graduation of the usual 
scale of the galvanometer is marked 0 for resistan: 
measurement. When terminals c and d are not joined, n. 
current passes through the galvanometer and its deflection 
zero. Thus zero of the scale is marked as infin 
(Fig. 14.21-b). Now a known resistance R is conne. 
across the terminals c and d. The galvanometer deflects tc 
some intermediate point. This point is calibrated as R. In this 
way the whole scale is calibrated into resistance. The 
resistance to be measured is connected across the terminals 
c and d. The deflection on the calibrated scale reads the 
value ofthe resistance directly. 


It is an instrument which can measure current ir 
amperes, potential difference in volts and resistance ir 
ohms. It basically consists of a sensitive moving coi 
galvanometer which is converted into a multirange ammeter 
voltmeter or ohmmeter accordingly as a current measuring 
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Atul or a voltage measuring cout or a resistance measuring 

circuit is connected with the galvanometer with the help of a 

witch known as function switch (Fig.14.22). Here X, Y are the 
illite Teme 


Voltage Measuring Part of AVO Meter 


The voltage measuring part of the AVO meter is actually a 
mullirange voltmeter. It consists of a number of resistances 
sach of which can be connected in series with the moving coil 
3alvanometer with the help of a switch called the range 
switch (Fig. 14.23). The value of each resistance depends 
apon the range of the voltmeter which it controls. 


Alternating voltages are also measured by AVO meter. 
AC voltage is first converted into DC voltage by using diode. 
as rectifier and then measured as usual. 


urrent Measuring Part of AVO Meter 


The current measuring part of the AVO meter is actually a 
multirange ammeter. It consists of a number of low 
*esistances connected in parallel with the galvanometer. The 
values of these resistances depend upon the range of the 
ammeter (Fig. 14.24). 


The circuit E has a range ie eal beri RS which is 
4sed to selecta particular rang 


esistance Measuring Partof AVO Meter 
The resistance measuring part of AVO meter is, in fact, a 
multirange ohmmeter. Circuit for each range of this meter 
zonsists of a battery of emf V, and a variable resistance r, 
sonnected in series with galvanometer of resistance R,. 
Wen the function switch is switched to position X, 
Fig. 14.22), this circuitis connected with the terminals X, Y of 
heAVO meter (Fig.14.25 a). 


3efore measuring an unknown resistance by an ohmmeter it 
8 first zeroed which means that we short circuit the terminals 
<, Yand adjust . to produce full scale deflection. 


(DMM) 


Jigital Multimet: 


Another useful device to measure resistance, current and 
"oltage is an electronic instrument called digital multimeter. 


os 


Fig. 4.28 


is a digital version of an AVO meter. It has become a very 
popular testing device because the digital values are 
displayed automatically with decimal point, polarity and the 
unit for V, A or Q. These meters are generally easier to use 
because they eliminate the human error that often occurs in 
reading the dial of an ordinary AVO meter. A portable DMM is 
showninFig. 14.26. 


Fig.14.26 


A magnetic field is setup in the region surrounding a current carrying conductor. 
The right hand rule states, "If the wire is grasped in the fist of right hand with the 
thumb pointing in the direction of current, the fingers of the hand will circle the wire in 
the direction ofthe magnetic field". 
The strength of the magnetic field or magnetic induction is the force acting on one 
metre length of the conductor placed at right angle to the magnetic field when 1A 
currentis passing through it. 
A magnetic field is said to have a strength of one tesla if it exerts a force of one | 
newton on one metre length of the conductor placed at right angle to the field wens 
current of one ampere passes through the conductor. 
The magnetic flux ©, through plane element of area A in a uniform magnetic field B. 
isgiven by dot product of Band A. 
Ampere circuital law states the sum of the quantities B. AL for all path elements into 
which the complete loop has been divided equals p, times the total current enclosed 
by the loop, 
The force experienced by a single charge carrier moving with velocity v in magnetic 
field of strength Bis F=q(vxB), 
Cathode ray oscilloscope (CRO) is a high speed graph plotting device. It works by 
deflecting beam of electrons as they pass through uniform electric field between the 
two sets of parallel plates. 
Atorque may act on a current carrying coil placed in a magnetic field. 

t=/ABcosa 
A galvanometer is an electric device which detects the flow of current, It usually 
consists of a coil placed in a magnetic field. As the current passes through the coil, 
the coil rotates, thus indicating the flow of current. 
Agalvanometer is converted into an ammeter by properly shunting it. 
A galvanometer is converted into a voltmeter by connecting a high resistance in 
series. 
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14.1 


142 


143 


14.10 


14.11 
14.12 


14.13 


14.14 
14.15 


A plane conducting loop is located in a uniform magnetic field that is directed along 
the x-axis. For what orientation of the loop is the flux a maximum? For what 
orientation is the flux a minimum? 

A current in a conductor produces a magnetic field, which can be calculated using 
Ampere's law. Since current is defined as the rate of flow of charge, what can you conclude 
about the magnetic field due to stationary charges? What about moving charges? 
Describe the change in the magnetic field inside a solenoid carrying a steady current 
1, if (a) the length of the solenoid is doubled but the number of tums remains the 
same and (b) the number of tums is doubled, but the length remains the same. 

Ata given instant, a proton moves in the positive x direction in a region where there is 
magnetic field in the negative z direction. What is the direction of the magnetic 
force? Will the proton continue to move in the positive x direction? Explain. 

Two charged particles are projected into a region where there is a magnetic field 
perpendicular to their velocities. If the charges are deflected in opposite directions, 
What can you say about them? 

‘Suppose that a charge q is moving in a uniform magnetic field with a velocity v. Why 
isthere no work done by the magnetic force that acts on the charge q? 

If a charged particle moves in a straight line through some region of space, can you 
say thatthe magnetic field in the region is zero? 

Why does the picture on a TV screen become distorted when a magnet is brought 
near the screen? 

Is t possible to orient a current loop in a uniform magnetic field such that the loop will 
nottend to rotate? Explain. 

How can a current loop be used to determine the presence of a magnetic field in a 
given region of space? 

How can you use a magnetic field to separate isotopes of chemical element? 

What should be the orientation of a current carrying coil in a magnetic field so that 
torque acting upon the coil is (a) maximum (b) minimum? 

Aloop of wire is suspended between the poles of a magnet with its plane parallel io 
the pole faces. What happens if a direct current is put through the coil? What 
happens i an alternating currentis used instead? 

Why the resistance of an ammeter should be very low? 

Why the voltmeter should have a very high resistance? 
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14.1 


142 


14.3 


144 


149 


14.10 


Find the value of the magnetic field that will cause a maximum force of 
7.0x 10°N ona20.0 cmstraight wire carrying a current of 10.0A. 
(Ans: 3.5 x 10? T) 


How fast must a proton move in a magnetic field of 2.50 x 10° T such that the 
magnetic force is equal toits weight? (Ans:4.09x 10 ms?) 
A velocity selector has a magnetic field of 0.30 T. If a perpendicular electric field 
of 10,000 Vm" is applied, what will be the speed of the particle that will pass 
through the selector? (Ans: 3.3x 10 ms?) 
A coil of 0.1 m x 0.1 m and of 200 tums carrying a current of 1.0 mA is placed in 
a uniform magnetic field of 0.1 T. Calculate the maximum torque that acts on the 


coil. (Ans: 2.0x 10* Nm) 
A power line 10.0 m high carries a current 200 A. Find the magnetic field of 
the wire at the ground. (Ans: 4.0x10°T) 


You are asked to design a solenoid that will give a magnetic field of 0.10 T, yet 
the current must not exceed 10.0 A. Find the number of turns per unit length 


that the solenoid should have. (Ans: 7.96 x 10°) 
What current should pass through a solenoid that is 0.5 m long with 10,000 
turns of copper wire so that it will have a magnetic field of 0.4 T? (Ans: 16.0A) 


A galvanometer having an internal resistance R, = 15.0 Q gives full scale 
deflection with current /, = 20.0 mA. It is to be converted into an ammeter of 
range 10.0A. Find the value of shunt resistance f. (Ans: 0.0300) 


The resistance of a galvanometer is 50.0 Q and reads full scale deflection with a 
current of 20 mA. Show by a diagram how to convert this galvanometer 
into voltmeter reading 200 V full scale. (Ans: R,- 999500) 


The resistance of a galvanometer coil is 10.0 Q and reads full scale with a current 
of 1.0 mA. What should be the values of resistances R,, R, and R, to convert this 
galvanometer into a multirange ammeter of 100, 10.0 and 1.0 A as shown in the 
Fig.P.14.10? (Ans: R, =.0001 0, R, 70.001 0, &, 20.010) 


O d A A 


Fig. P3410 
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[Chapters 15 
| ELECTROMAGNETIC INDUCTION ——- 


Learning Objectives 
Atthe end of this chapter the students will be able to: 


A: fecalithat a changiig magnet Ruxthrough @ circuitodises an emtto be induced in 
ircui 


2. — Knowthatthe induced emflasts so long as the magnetic lux keeps changing. 
3. Determine Motional emf. 


4. Us d ine ide of 
tea poi law of electromagnetic induction to determine the magnitude 


5. Apply Lenz's law to determine the direction of induced emf. 

6. Recognize self and mutual induction. 

denne mutual inductance, self-inductance and its unit henry. 

8. Knowandusetheformula E- LI" 

9.  Calculatethe energy stored in an inductance. 

40. desen the principle, construction and operation of an AC and DC generator. 
11. — Describe the principle, construction and operation of DC motor. 
12. — Recognize back emf in motors and back motor effectin generators. 
13. beseſpe the structure and principle of operation of transformer. 
14. Use q^" and V,/,= VJ. foran ideal transformer. 

15. Apply transformer equation to solve the problems. 

16. Understand and describe eddy currents and use of laminated core. 


s soon as Oersted discovered that electric currents produce magnetic fields, many 
scientists began to look for the reverse effect, that is, to cause an electric current by means 
‘ofa magnetic field. In 1831 Michael Faraday in England and at the same time Joseph Henry 
in USA observed that an emfis set up in a conductor when it moves across a magnetic field. 
If the moving conductor was connected to a sensitive galvanometer, it would show an 
electric current flowing through the circuit as long as the conductor is kept moving in the 
magnetic field. The emf produced in the conductor is called induced emf, and the current 
generated is called the induced current, This phenomenon is known as electromagnetic 
induction. 
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Fig.15.1 


There are many ways to produce induced emf. Fig. 15.1 
illustrates one of them. Consider a straight piece of wire of 
length £ placed in the magnetic field of a permanent magnet. 
The wire is connected to a sensitive galvanometer. This 
forms a closed path or loop without any battery. In the 
beginning when the loop is at rest in the magnetic field, no 
current is shown by the galvanometer. If we move the loop 
from left to right, the length of the wire is dragged across the 
magnetic field and a current flows through the loop. As we 
stop moving the loop, current also stops. Now, if we move the 
loop in opposite direction, current also reverses its direction. 
This is indicated by the deflection of the galvanometer in 
opposite direction. 

The induced current depends upon the speed with which 
‘conductor moves and upon the resistance of the loop. If we 
change the resistance of the loop by inserting different 
resistors in the loop, and move it in the magnetic field with the 
same speed every time, we find that the product of induced 
current / and the resistance R of the loop remains constant, i.e., 


IR constant 
This constant is the induced emf. The induced emf leads to 


an induced current when the circuitis closed. The current can 
beincreased by 


jj ^ usingastrongermagnetic field 
4) ^ moving the loop faster 
ij) replacing the loop by a coil of many tums 


If we perform the above experiment in the other way, i.e., 
instead of moving the loop across the magnetic field, we 
keep the loop stationary and move the magnet, then it can be 
easily observed that the results are the same. Thus, it can be 
concluded that it is the relative motion of the loop and the 
magnet that causes the induced emf. 


In fact, this relative motion changes the magnetic flux through 
the loop, therefore, we can say that an induced emf is 
produced in a loop if the magnetic flux through it changes. 
The greater the rate of change of flux, the larger is the 
induced emf. 

There are some other methods described below in which an 
emf is induced in a loop by producing a change of magnetic 
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flux through it. 


1. 


Fig.152 (a) shows a bar magnet and a coil of wire to 
which a galvanometer is connected. When there is no 
relative motion between the magnet and the coil, the 
galvanometer indicates no current in the circuiL As 
soon as the bar magnet is moved towards the coil, a 
current appears in (Fig 152 b). As the magnetis 
moved, the magnetic fux through the coil changes, 
and ths changing fux produces induced currentin 
emet not aay kort the ON. 
o 
direction. The current would also be induced if the 
magnets were held stationary and the coilis moved. 


There is another method in which the current is 
induced in a coil by gangs ing the area of the coil in a 
constant magnetic field. ig 15.3 (a) shows that no 
currentis induced in the coil e arna pecs 


changing. If the distorted coil is Sout its original 


circular shape thereby increa: area, an 
oppositely directed current is induced Wich lasts as 
long as the area is changing. 


LY 


An induced currentcan also be generated when a coil 

of constant area is rotated in a constant magnetic 
jeld. Here, also, the magnatic flux through the coil 

digestio 24 154) This isthe basic principle usedin 


A very interesting method to induce current in a coil 
involves by producing a change of magnetic flux in 
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a nearby coil. Fig. 15.5 shows two coils placed side by 
side. The coil P is connected in series with a battery, a 
Theostat and a switch, while the other coil S is 
connected to a galvanometer only. Since there is no 
battery in the coil S, one might expectthat the current 
through it will always be zero. Now, ifthe switch of the 
coil P is suddenly closed, a momentary current is 
induced in coil S. This is indicated by the 
galvanometer, which suddenly deflects and then 
returns to zero. No induced current exists in coil S as 
long as the current flows steadily in the coil P. An 
oppositely directed current is induced in the coil S at 
the instant the switch of coil P is opened. Actually, the 
current in P grows from zero to its maximum value 
just after the switch is closed, The current comes 
down to zero when the switch is opened. Due to 
change in current, the magnetic flux associated with 
the coil P changes momentarily. This changing flux is 
also linked with the coil S that causes the induced 
current in it. Current in coil P can also be changed 
with the help of rheostat. 


5. s also possible to link the changing magnetic flux 
with @ coll by using an electromagnet instead of a 
permanent magnet. The coil is placed in the magnetic 
field of an electromagnet (Fig. 15.6). Both the coil and 
the electromagnet are stationary. The magnetic flux 
through the coilis changed by changing the current of 
the electromagnet, thus producing the induced 
currentin the coil. 


In the previous section we have studied that when a 
conductor is moved across a magnetic field, an emf is 
induced between its ends. The emf of the moving conductor 
is similar to that of a battery, i.e., if the ends of the conductor 
are joined by a wire to make a closed circuit, a current flows 
through it. 


Consider a conducting rod of length L placed on two parallel 
metal rails separated by a distance L. A galvanometer is 
connected between the ends c and d of the rails. This forms a 
complete conducting loop abcda (Fig. 15.7a). A uniform 
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magnetic field B is applied directed into the page. Initially 
when the rod is stationary, galvanometer indicates no current 
in the loop. If the rod is pulled to the right with constant 
velocity v, the galvanometer indicates a current flowing 
through the loop. Obviously, the current is induced due to the 
motion of the conducting rod across the magnetic field. The 
moving tod is acting as a source of emf c = V,- V, =AV. 
When the rod moves, a charge q within the rod also moves 
with the same velocity v in the magnetic field B and 
experiences a force given by Wa 
F=qvxB 

The magnitude ofthe forceis 

gro 
Since angle 0 between vand Bis 90°, so 

FeqvB 
Applying the right hand rule, we see that F is directed from a 
to b in the rod. As a result the charge migrates to the top end 
of the conductor, As more and more of the charges migrate, 
concentration of the charge is produced at the top b and 
deficiency of charges at the bottom a. This redistribution of 
charge sets up an electrostatic field E directed from b toa. 
The electrostatic force on the charge is f aq directed from b 
to a. The system quickly reaches an equilibrium state in 
Which these two forces on the charge are balanced. If E, is 


the electric intensity in this state then * 
ab M 
E,=v8 (151) 


The motional emf £ will be equal to the potential difference 

AV V.-V, between the two ends of the moving conductor in * 
this equilibrium state. The gradient of potential will be. given 

by AVIL. As the electric intensity is given by the negative of 

the gradient therefore, 


5-44 ee — (082) 


or AV--LE;z-(LvB) 
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The motional emf 


S = ne ES (853) 


This is the magnitude of motional emf. However, if the angle 
between v and Bis 8, then 


e velsts 450 


Due to induced emf positive charges would flow along the 
path abcda, therefore the induced current is anticlockwise in 
the diagram. As the current flows the quantity of the charge at 
the top decreases so the electric intensity decreases but the 
magnetic force remains the same. Hence the equilibrium is 
disturbed in favour of magnetic force. Thus as the charges 
reach the end a of the conductor due to current flow, they are 
carried to the top end b of the conductor by the unbalanced 
magnetic field and the current continues to flow. 


The motional emf induced in a rod moving perpendicular to a 
magnetic field is € = -vBL. The motional emf as well as 
other induced emfs can be described in terms of magnetic 
flux. Consider the experiment shown in Fig. 15.8 again. Let 
the conducting rod L moves from position 1 to position 2 ina 
small interval of time At. The distance travelled by the rod in 
time atis x,-X, A 


86 — 


Position 2 


Since the rod is moving with constant velocity v, therefore 


— eee S UUN. 1 


From Eq.15.3 


‘As the rod moves through the distance Ax, the increase in the 
area of loop is given by AA = Ax.L. This increases the flux 
REUS .B = Ax.L.B, Putting Ax.L.B= AG 
in Eq.18. 


If there is a coil of N loops instead of a single loop, then the 
induced emf will become N times, i.e., 


Although the above expression is derived on the basis of 
motional emf, but it is true in general. This conclusion was 
first arrived at by Faraday, so this is known as Faraday's law 
of electromagnetic induction which states that 
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‘The minus sign indicates that the direction of the induced emf 
is such that it opposes the change in flux. 


In the previous section, a mathematical expression of the 
Faraday's law of electromagnetic induction was derived as 


"n 
eT 


The minus sign in the expression is very important. It has io 

do with the direction of the induced emf. To determine the 
! direction we use a method based on the discovery made by 
the Russian Physicist Heinrich Lenz in 1834. He found that 
the polarity of an induced emf always leads to an induced 
current that opposes, through the magnetic field of the 
induced current, the change inducing the emf. The rule is 
known as Lenz's law which states that 


The Lenz's law refers to induced currents and not to induced 
emf, which means that we can apply it directly to closed 
conducting loops or coils. However, if the loop is not closed 
we can imagine as if it were closed, and then from the 
direction of induced current, we can find the direction of the 
induced emf. 


Let us apply the Lenz's law to the coil in which current is 
induced by the movement of a bar magnet. We know that a 
current carrying coil produces a magnetic field similar to that 
of a bar magnet. One face of the coil acts as the north pole 
while the other one as the south pole. If the coil is to oppose 
the motion of the bar magnet, the face of the coil towards the 
magnet must become a north pole (Fig. 15.9). The two north 
poles will then repel each other, The right hand rule applied to 


v 


= 


currentis 
‘anti-clockwise 


Fig. 159 


the coil suggests that the induced current must be anti- 
clockwise as seen from the side of the bar magnet. 


According to Lenz's law the "push' of the magnet is the 
"change" that produces the induced current, and the current 
acts to oppose the push. On the other hand if we pull the 
magnet away from the coil the induced current will oppose 
the "pull" by creating a south pole on the face of coil towards 
the bar magnet. 


The Lenz's law is also a statement of law of conservation of 
energy that can be conveniently applied to the circuits 
involving induced currents. To understand this, consider once 
again the experiment in Fig. 15.8. When the rod moves 
towards right, emf is induced in it and an induced current flows 
through the loop in the anti-clockwise direction. Since the 
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Fig. 15.10 


current carrying rod is moving in the magnetic field, it 
experiences a magnetic force F, having the magnitude 
F, = ILBsin90*. By right hand rule the direction of F, is 
opposite to that of v, so it tends to stop the rod (Fig. 15.10 a). 
An external dragging force equal to F. in magnitude but 
opposite in direction must be applied to keep the rod moving 
with constant velocity. This dragging force provides the 
energy for the induced current to flow. This energy is the 
source of induced current, thus electromagnetic induction is 
exactly according to law of conservation of energy. 

The Lenz's law forbids the induced current directed 
clockwise in this case, because the force F. would be. then, 
in the direction of v that would accelerate the rod towards 
right (Fig. 15.10 b). This in turn would induce a stronacr 
current, the magnetic field due to it also increases, «714 the 
gnetic force increases further. Thus the motion of the wire 
is accelerated more and more. Starting with a minute quantity 
of energy. we obtain an ever increasing kinetic energy of 
motion apparently from nowhere. Consequently the process 
becomes self-perpetuating which is against the law of 
conservation of energy 


Consider two coils placed close to each other (Fig.15.11). 
One coil connected with a battery through a switch and a 


Fig. 18.11 


rheostat is called the "primary" and the other one connected 
to the galvanometer is called the "secondary". If the current in 
the primary is changed by varying the resistance of the 
rheostat, the magnetic flux in the surrounding region 
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changes. Since the secondary coil is in the magnetic field of 
the primary, the changing flux also links with the secondary. 
This causes an induced emfin the secondary. 


According to Faraday's law, the emf induced in the 
secondary coil is proportional to the rate of change of flux 


where N, is the number of turns in the secondary coil. 


Let the flux passing through one loop of the secondary coil be 
o. Net flux passing through the coil of N, loops is N,®,. As this 
flux is proportional to the magnetic field produced by the 
current /, in the primary and the magnetic field itself is 
proportional to /,, therefore 


Ao AQ 
passing through it, i.e. =-N,—* 
At ‘passing throug! at 


NO, «J, 
Where m is proportionality constant called the 
mutual inductance of the two coils. It depends upon the 
number of turns of the coils, their area of cross - section, their 


closeness together and the nature of the core material upon 
which the two coils are wound. 


By Faraday's law the emf induced in the secondary coil is 
given by the rate of change of flux through the secondary. 


Ao ANO 
AENEA pt 


Putting N. O. = MI, from Eq.15.9 


(ur) 


At 


5 


0 shows that the emf induced in the secondary is 
eee ane ata oI Chango Of Eu P ra 
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The negative sign in Eq.15.10 indicates the fact that the 
induced emf is in such a direction that it opposes the change 
of current in the primary coil. While finding out the value of M 
from Eq.15.10, negative sign is |. Thus M may be 
defined as the ratio of average emf induced in the secondary 
to the time rate of change of currentin the primary. 


The S! unit for the mutual inductance M is Vs A”, which is 
called as henry (H) after Joseph Henry. 

One henry is the mutual inductance of the pair of coils in 
which the rate of change of current of one ampere per second 
in the primary causes an induced emf of one volt in the 
‘secondary. 


Example 15.3: Anemfof5.6 Vis induced in a coil while the 
current in a nearby coil is decreased from 100 A to 
20 Ain 0.02 s. Whatis the mutual inductance of the two coils? 
Ifthe secondary has 200 turns, find the change in flux during 
this interval. 

Solution: 

emf induced in the secondary =£, =5.6 V 
Change in current in primary = Al," 100 f- 20 A= 80A 
Time interval for the change - At =0.02s 


Mutual inductance =M =? 
No. of turns in the secondary = N, = 200 
Change in flux zA0z7? 
AL 
m 
Using 0 0 
58V» Mx SOA 
0.028 


m= 58Vx0025 «4.45 10 Ven- 
80A 


By Faraday's Law EIS 


AL. 56Vx002s _ ^ 
10,255 o -56x10* Wb 


According to Faraday's law, the change of flux through a coil 
by any means induces an emfin it. in al the examples we have 
discussed so far, induced emf was produced by a changing 
magnetic flux from some external source. But the change of 
flux through a coil may also be due to a change of current in 
the coll itself. 


Consider the circuit shown in Fig. 15.12. Acoil is connected in 

series with a battery and a rheostat. Magnetic flux is produced 2 t 
through the coil due to current in it. Ifthe curentis changed ` $; 

varying the rheostat quickly, magnetic flux through the coil jj Reostat 
changes that causes an induced emf in the coil. Such an emf EAE 

iscalled as self induced emf. Fig. 15.12 


If the flux through one loop of the coil be © , then the total flux 
through the coil of N turns would be N ®. As ® is proportional 
to the magnetic field which is in turn proportional to the 
current /, therefore 


NOx 
or No=u ao asa) 


where L = se is the constant of proportionality called the self 


inductance of the coil. It depends upon the number of turns of 

the coil, its area of cross-section and the core material. By 
winding the coil around a ferromagnetic (iron) core, the 
magnetic flux and hence the inductance can be increased 
significantly relative to that for an air core. 


By Faraday's Law, emf induced in the coil is 


(15.12) 
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The Eq.15.12 shows that the self induced emf in a coil is 
proportional to the time rate of change of current in the coil, 
Self inductance L of a coil may be defined as the ratio of the 
‘emf to the rate of change of current in the coil. The unit of L is 
alsohenry (H). 


The negative sign in Eq.15.12 indicates that the self induced 
emf must oppose the change that produced it. That is why the 
self induced emf is sometimes called as back emf. This is 


We have studied in chapter12 that energy can be stored in 
the electric field between the plates of a capacitor. In a similar 
manner, energy can be stored in the magnetic field of an 
inductor. 


Consider a coil connected to a battery and a switch in series 
(Fig. 15.13). When the switch is turned on voltage Vis applied 
across the ends of the coil and current through it rises from 
Zero to its maximum value /. Due to change of current, an emf 
is induced, which is opposite to that of battery. Work is done 
by the battery to move charges against the induced emf. 


Work done by the battery in moving a small charge Aqis 


where t, is the magnitude of induced emf, given by 
al 
galt 


Putting the value of & in Eq.15.13 we get 


Total work done in establishing the current from o to /is fund 
by inserting for “4 e average current, and the value of A. 
ea ges ad 
2 
Change in current I 


Average current 


Total work 17220 / 


aly 


This work is stored as potential energy in the inductor. Hence 


the energy stored in an inductor is 
2 case of Bi. = iege 


between the plates, likewise, in an inductor, energy is stored in 
the magnetic field. Therefore, Eq. 15.15 can be expressed in 
terms of the magnetic field B of a solenoid which has n tums 
per unit length and area of cross section A. The magnetic field 
strength inside it is B = unl. Since flux through the coil is 
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Fig, 15.13 


= | 


or Sav e 
‘Substituting the value of © in Eq.15.11 
NO 
. . 
p 1 
we have L=N— =N pnA 


l is the length of solenoid, then putting N = nin above Eq. 
we get the selfinductance of the solenoid as 


L= (nl) nA 
A. ^ (15.17) 
‘Substituting for L, the Eq. 15.15 becomes, 
: UEFA ue (15.18) 


B 
Since B for a solenoid is given by B= UN or 1 br] 
rj 


‘Substituting for /, Eq.15.18 becomes . 


i 


18 | 
2 y. (15.19) 
Now energy density can be defined as the energy stored per 
- unit volume inside the solenoid, so dividing Eq.15.19 by the. 
volume (ac ae get energy density, 
4 2 K. s 20) 


Area of cross section = A 28 cm’ 2.8 x 10° m^ 
A 


First, we calculate the inductance L using the Eq. (15.17) 
L=. NN 
= (411077) WbA "m" x (4000 m^! x 2.810? m? x 0.1m 
75.6310? WbA ^ 5.6310? H 


1 1 mA 2 
Energy stored= U, 2 LF 2 653» 10 Uma =) A) 
04 x 107Nm =7.04%107 J 


We have learnt that when a current carrying coil is placed in a 
magnetic field, a torque acts on it that rotates the coil. What 
happens if a coil of wire is rotated in a magnetic field? Can a 
current be produced in the coil? Yes, it does. Such a device is 
called a current generator. 


The principle of an electric generator is based on Faraday's 
law of electromagnetic induction. When a coil is rotated in a 
magnetic field by some mechanical means, magnetic flux 
through the coil changes, and consequently an emf is (Front view) 
induced in the coil. 


Ifthe generator is connected to an external circuit, an electric 
currentis the output of the generator. 

Let a rectangular loop of wire of area A be placed in a uniform 
magnetic field B (Fig.15.14). The loop is rotated about z-axis 
through its centre at constant angular velocity o. One end of the 
loop is attached to a metal ring R and the other end to the ring 
R'. These rings, called the slip rings are concentric with the axis 
of the loop and rotate with it. Rings R R’ slide against stationary 
carbon brushes to which extemal circuit is connected. 4 


Flg.15.14 


Y 
To calculate the induced emf in the loop, consider its position CS 
(Fig.15.15) while itis rotating anticlockwise. The figure shows the 
top view of the coil. The vertical side ab of the loop is moving with — 
velocity v in the magnetic field B. If the angle between v and B nee 
de h. the motional emf induced in the side ab has the magnitude, md 
Ee 7 VBL se 
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The direction of induced current in the wire ab is the same as 
that of force F experienced by the charges in the wire, i.e., 
ffom topo the bokom. The same amount of emfis induced in 
the side cd but the direction of current is from bottom to the 
top. 


Therefore. te Vl sin g 


The net contribution to emf by sides bc and da is zero 
because the force acting on the charges inside bc and da is 
notalong the wire. 


Thus bet. 0 


Since both the émfs in the sides ab and cd drive current in the 
same direction around the loop, the total emf in the loop is 


EF Ent Ey 

£7 VBLsin8 *vBL sind 

€=2vBLsin® 
If the loop is replaced by a coil of N turns, the total emf in the 
coil will be, 


The linear speed vo the vertical wire is related to the angular 
speed «by the rela 


v=or 


where ris the distance of the vertical wires from the centre of 
the coll. Substituting orfor vin Eq. (15.21) 


We get 

£=2N(wr) BL sind 

c No(2rL) Bina 
£7 NoABsin8. vie kane ce ox (R2). 

where A7 2rL eres ofthe coil 

as ine angular displacement @ = wt, so the Eq.15.22 becomes 
eM — s. (15.23) 
Eat 5.23 shows that the induced emf varies sinusoidally with 


Ithas the maximum value t. when sin (it) is equal to 1. Thus 
ahaha i |: epee enm emer. 
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The Eq.15.23 can be written as, 


If Ris the resistance of the coil, then by Ohm's law, induced 
current in the coil will be 


=F = Sein(al) _ 
IS n RED 


where /, is maximum current. 
Angular speed w of the coil is related to its frequency of 
rotation fas, o=2nf 


The Eqs.15.25 and 15.26 can be written as 


Eq.15.28 indicates the variation of current as a function of 
6 aft. Fig. 15.16 shows the graph for the current 
corresponding to different positions of one loop ofthe coil. 

4 


When the angle between v & B is 8 = 0°, the plane of the loop 
is perpendicular to B, current is zero. As 8 increases, current 
also increases and at 0 = 90° = 1/2 rad, the loop is parallel to 
B, current is maximum, directed along abcda. On further 
increase in 8 current decreases, and at 0 = 180° =x rad the 
current becomes zero as the loop is again perpendicular to B. 
For 180° < @ < 270 current increases but reverses its 
direction as is clear from the figure. Current is now directed 
along dcbad. At @ = 270° = 3 1/2 rad, current is maximum in 
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Fig. 15.16 


the reverse direction as the loop is parallel to B. 
At 0 = 360° = 2 rad, one rotation is completed, the loop is 
perpendicular to B and the current decreases to zero. After 
one rotation the cycle repeats itself. The current alternates in 
direction once in one cycle. Therefore, such a current is 
called the alternating current. It reverses its direction 
f times per second. 


In actual practice a number of coils are wound around an iron 
cylinder which is rotated in the magnetic field. This assembly 
is called an armature. The magnetic field is usually provided 
by an electromagnet. Armature is rotated by a fuel engine ora 
turbine run by a waterfall. In some commercial generators, 
field magnetis rotated around a stationary armature. 


Example 15.6: An alternating current generator operating at 
50 Hz has a coil of 200 turns. The coil has an area of 120 cm’. 
What should be the magnetic field in which the coil rotates in 
order to produce an emf of maximum value of 240 volts? 


Solution: 
Frequency of rotation = f= 50 Hz 
No. of tums of the coil = 00 
Area of the coil = A= 120 cm' 7 1.2x 10* m* 
Maximum emf = e = 2400 


Magnetic flux density 
First, we shall find the angular speed o. 
Using 22 : 
o= 2« 50 =314.3rads 
[E 
Using £,=NoAB or NoA 
240V 


F. E 
200 34 reads x1.2x10 m. 


BO vs rd m 0.32 T 


Alternating current generators are not suitable for many 
applications, for example, to run a D.C. Motor. In 1834, 
William Sturgeon invented a simple device called a 
commutator that prevents the direction of current from 
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changing. Therefore a D.C. generator is similar to the A.C. 
generator in construction with the difference thal 
"slip rings" are replaced by “split rings". The "split rings” are 
two halves of a ring that act as a commutator. Fig. 15.17 
shows the "split rings" A and attached to the two ends of the. 
coil that rotates in the magnetic field. When the current in the 
coil is zero and is about to change direction, the split rings 
also change the contacts with the carbon brushes BB’. In this 
way the output from BB’ remains in the same direction, 
although the current is not constant in magnitude. The curve nom 
ofthe currentis shown in Fig.15.18. Itis similar to a sine curve 


with the lower halfinverted. The fluctuations of the output can 
be significantly reduced by using many coils rather ans 
single one. Multiple coils are wound around a cylindrical core t 


to form the armature. Each coil is connected to a separate 
commutator and the output of every coil is tapped only as it 
reaches its peak emf. Thus the emf in the outer circuit is 
almost constant. 


Ageneratoris the source of electricity production. Practically, 
the generators are not so simple as described above. A large 
turbine is turned by high pressure steam or waterfall. The 
‘shaft of the turbine is attached to the coil which rotates in a 
magnetic field. It converts the mechanical energy of the 
driven turbine to electrical energy. The generator supplies 
current to the external circuit. The devices in the circuit that 
consume electrical energy are known as the "load". The 
greater the load the larger the current is supplied by the 
generator. When the circuit is open, the generator does not 
Supply electrical energy, and a very little force is needed to 
rotate the coil. As soon as the circuit is closed, a current is 
drawn through the coil. The magnetic field exerts force on the 
current carrying coil. Fig. 15.19 shows the forces acting on 
the coll. Force F, is acting on the left side of the coil whereas 
an equal but opposite force F, acts on the right side of the coll, 
These forces are such that they produce a counter torque 
that opposes the rotational motion of the coil. This effect is 
sometimes referred to as back motor effect in the generators. 
The larger the current drawn, the greater is the counter torque 
produced. That means more mechanical energy is required “u paver 
to keep the coil rotating with constant angular speed. This is (1 Top view 
in agreement with the law of conservation of energy. The i 
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energy consumed by the "load" must come from the "energy 
source" used to drive the turbine. 


A motor is a device which converts electrical energy into 
mechanical energy. We already know that a wire carrying 
current placed in a magnetic field experiences a force. This S 
the basic principle of an electric motor. In construction a D.C 
‘motor is similar to a D.C generator, having a magnetic field, a 
commutator and an armature, In the generator, the armature 
is rotated in the magnetic field and currentis the output. In the 
D.C motor, current passes through the armature that rotates 
in the magnetic field. In the D.C motor, the brushes are 
connected to a D.C supply or battery (Fig.15.20). When 
current flows through the armature coil, the force on the 
conductors produces a torque, that rotates the armature. The 
amount of this torque depends upon the current, the strength 
of the magnetic field, the area of the coil and the number of 
turns of the coil. 


Ifthe current in the coil were all the time in the same direction, 
the torque on it would be reversed after each half revolution, 
But at this moment, commutator reverses the direction of 


producing a more steady torque. 


The magnetic field in the motor, is provided by a permanent 
magnet or an electromagnet. The windings of the 
‘electromagnet are usually called the field coils. The field coils 
may be in series or in parallel to the armature coils. 


A motor is just like a generator running in reverse. When the 
coil of the motor rotates across the magnetic field by the 
applied potential difference V, an emf £ is induced in it. The 
induced emf is in such a direction that opposes the emf 
running the motor. Due to this reason the induced emf is 
called back emf of the motor. The magnitude of the back emf 
increases with the speed of motor. 


Since Vand c are opposite in polarity, the net emfin the circuit 
is V-e. If Ris the resistance of the coil and / the current drawn 
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by the motor, then by Ohm's law 


When the motor is just started, back emf is almost zero and 
hence a large current passes through the coil. As the motor 
speeds up, the back emf increases and the current becomes 
‘smaller and smaller. However, the current is sufficient to 
provide torque on the coil to drive the load and to overcome 
losses due to friction. If the motor is overloaded, it slows 
down. Consequently, the back emf decreases and allows the 
motor to draw more current. If the motor is overloaded 
beyond its limits, the current could be so high that it may 
burn out the motor. 


Atransformer is an electrical device used to change a given 
alternating emf into a larger or smaller alternating emf. It 
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(do map up — 


works on the principle of mutual induction between two coils. 


In principle, the transformer consists of two coils of copper, 
electrically insulated from each other, wound on the same 
iron core. The coil to which A.C power is supplied is called 
primary and that from which power is delivered to the circuitis 
called the secondary. 


It should be noted that there is no electrical connection 
between the two coils but they are magnetically linked. 
‘Suppose that an alternating emfis applied to the primary. If at. 
some instant f the flux in the primary is changing at the rate of 
A@/At then there will be back emf induced in the primary 
which will oppose the applied voltage. The instantaneous 
value of the self induced em is given by 


Selfinduced emf= - N, 


If he resistance of the coil is negligible then the back emf is 
equal and opposite to applied voltage V, 


where N, is the number of turns in the primary. 


‘Assuming the flux through the primary also passes through the 
secondary, ie., the two coils are tightly coupled, the rate of 
change of flux in the secondary will also be A@/At and the 
magnitude of the induced emf across the secondary is given by 


where N,is the number of turns in the secondary 
Dividing Eq.15.31 by Eq. 15.30, we get 


If N, > N, then according to Eq. 15.32, V, > V, such a 
transformer in which voltage across secondary is greater 
than the primary voltage is called a step up transformer (Fig. 
15.20 a). Similarly if N, < N,, i.e., the number of turns in the 
secondary is less than the number in primary, then V, < V,, 
such transformer in which voltage across secondary is less 
than the primary voltage is called a step down transformer 
(Fig. 15.205). 
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It is important to note that the electrical power in a 
transformer is transformed from its primary to the secondary 
coil by means of changing flux. For an ideal case the power 
input to the primary is nearly equal to the power output from 
the secondary i e. 


Powerinput- Power output 


J, is the current in the primary and /, in the secondary. The 
currents are thus inversely proportional to the respective 
voltages. Therefore, in a step up transformer when the 
voltage across the secondary is raised, the value of currentis 
reduced. This is the principle behind its use in the electric 
supply network where transformer increases the voltage and 
reduces the current so that it can be transmitted over long 
distances without much power loss. When current / passes 
through a resistance R, the power loss due to heating effectis 
T'R. Suppose Ris the resistance of transmission line. In order 
to minimize the loss during transmission, it is not possible to 
reduce R because it requires the use of thick copper wire 
which becomes highly uneconomical. The purpose is well 
served by reducing /. At the generating power station the 
voltage is stepped up to several thousand of volts and power 
is transmitted at low current to long distances without much 
loss. Step down transformers then decrease the voltage to a 
safe value at the end of line where the consumer of electric 
power is located. Inside a house a transformer may be used 
to step down the voltage from 250 volts to 9 volts for ringing 
bell or operating a transistor radio. Transformers with several 
secondaries are used in television and radio receivers where 
several different voltages are required. 


Only in an ideal transformer the output power is nearly equal 
to the input power. But in an actual transformer, this in not the. 
case. The output is always less than input due to power 
losses. There are two main causes of power loss, namely- 
eddy currents and magnetic hysteresis. 


In order to enhance the magnetic flux, the primary and 
secondary coils of the transformer are wound on soft iron 
core. The flux generated by the coils also passes through the 
core. As magnetic flux changes through a solid conductor, 
induced currents are set up in closed paths in the body of the 
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Tanslormer symbol 


conductor. These induced currents are set up in a direction 
to the flux and are known as eddy currents. It 
results in power dissipation and heating of the core material. 
In order to minimize the power loss due to flow of these 
e 
inations which stops the flow of eddy currents 
[^ CEN, Hysterises loss is the energy expended to 
the core material in each cycle 

oftheA C. 


Due to these power losses, a transformer is far from being an 
ideal. Its output power is always less than its input power. The 
efficiency of a transformer is defined as 


g = output power , 100 
input power 


In order to improve the efficiency, care should be exercised, 
to minimize all the power losses. For example core should be 
seeei ied Kon me Miminted Sheets CCS maia TOM 
hysteresis loop area is very small. The insulation between 
lamination sheets should be perfect so as to stop the flow of 
eddy currents. The resistance of the primary and secondary 
coils should be kept to a minimum. As power transfer from 
primary to secondary takes place through flux linkages, so 
the primary and secondary coils should be wound in such a 
way that flux coupling between them is maximum. 


15.2 
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[ SUMMARY J 


An em is set up in a conductor when it moves across a magnetic field. It is called an 
induced emf, 

The emf induced by the motion of a conductor across a magnetic field is called 
motional emf. 

Magnitude of motional emf in a rod of length L moving with velocity v across a 
magnetic field of strength B making 8 with itis e vBLsin 8 

Faraday's law states that the emf induced in a conducting coil of 
Moops is equal to the negative of the rate at which the magnetic flux through the coil 
is changing with time. 

The Lenz's law states that the direction of the induced current is always so as to 
oppose thie change which causes the current. 

The phenomenon in which a changing current in one coil induces an emf in another 
coil is called the mutual induction. 

One henry is the mutual inductance of that pair of coils in which a change of current 
of one ampere per second in the primary causes an induced emf of one volt in the 
‘secondary. 

The phenomenon in which a changing current in a coil induces an emf in itself is 
called selfinduction. 

A current generator is a device that converts mechanical energy into electrical 
energy. 

‘The emf produced inageneratoris €=NoABsin(wt) or e=e,sin(2nft). 

Amotor is a device, which converts electrical energy into mechanical energy. 


The induced emf in a motor opposes the emf running the motor. This induced emf is 
called the back emf ofthe motor. 


Does the induced emf in a circuit depend on the resistance of the circuit? Does the 
induced current depend on the resistance of the circuit? 

Assquare loop of wire is moving through a uniform magnetic field. The normal to the 
loop is oriented parallel to the magnetic field. Is a emf induced in the loop? Give a 


reason for your answer. ; 
Alight metallic ring is released from above into a vertical bar magnet e2 


(Fig. Q.15.3). Viewed for above, does the current flow clockwise or 
anticlockwise in the ring? 
a 
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154 What is the direction of the current through resistor R 
inFig.Q.15.4?. When switch Sis 
(a)closed 
(b)opened. s 
Lue 


figa 154 


15.5 Does the induced emf always act to decrease the magnetic flux through a circuit? 


Meta rin 
156 When the switch in the circuit is closed a current is : 
established in the coil and the metal ring jumps s 

upward (Fig.Q.15.6): Why? 
Describe what would happen tothe ring ifthe 
battery polarity were reversed’ 
Fig. 0.156 si 
15. The Fig.Q.15.7 shows a coil of wire in the xy plane 
with a magnetic field directed along the y - axis. i 
Around which of the three coordinate axes should d 


the coil be rotated in order to generate an emf and 
a current in the coil? 


Fig-Q.157 


15.8 How would you position a flat loop of wire in a changing magnetic field so that 
there is no em induced in the loop? 


159 Ina certain region the earth's magnetic field point vertically down. When a plane 
flies due north, which wingtip is positively charged? 
15.10 Show that £ and 2 have the same units. 


15.11 When an electric motor, such as an electric drill, is being used, does it also act as 
a generator? If so what is the consequence of this? 

15.12 Can a D.C motor be turned into a D.C generator? What changes are required to 
be done? 

15.13 Is it possible to change both the area of the loop and the magnetic field passing 
through the loop and still not have an induced emf in the loop? 

15.14 Can an electric motor be used to drive an electric generator with the output from 
the generator being used to operate the motor? 

15.15 A suspended magnet is oscillating freely in a horizontal plane. The oscillations are 
strongly damped when a metal plate is placed under the magnet. Explain why this 
occurs? 
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15.16 


15.17 


15.18 


15.1 


152 


154 


15.5 


157 


j 

Four unmarked wires emerge from a transformer. What steps would you take to 

determine the turns ratio? 

a) Canastep-up transformer increase the power level? 

b) Inatransformer, there is no transfer of charge from the primary to the secondary. 
Howis, then the power transferred? 

When the primary of a transformer is connected to a.c mains the currentinit 

a)  isverysmall ifthe secondary circuitis open, but 

b) increases when the secondary circuitis closed. Explain these facts. 


‘An emf of 0.45 V is induced between the ends of a metal bar moving through a 

magnetic field of 0.22 T. What field strength would be needed to produce an emf of 

1.5V between the ends of the bar, assuming that all other factors remain the same? 
(Ans: 0.73 T) 


The flux density B in a region between the pole faces of a horse-shoe magnet is 
0.5 Wom’ directed vertically downward. Find the emf induced in a straight wire 
5.0 cm long, perpendicular to B when itis moved in a direction at an angle of 60° with 
the horizontal with a speed of 100 ems (Ans: 1.25 x10" V) 


Acoil of wire has 10 loops. Each loop has an area of 1.5 x 10” m°. A magnetic field is 
perpendicular to the surface of each loop at all times. Ifthe magnetic field is changed 
from 0.05 to 0.06 Tin 0.1 s, find the average emf induced in the coil during this time. 

(Ans: +1.5 x 10" V) 


A circular coil has 15 turns of radius 2 cm each. The plane of the coil lies at 40" to a 
uniform magnetic field of 0.2 T. If the field is increased by 0.5 T in 0.2 s, find the 
magnitude of the induced emf. (Ans: 1.8x 10? V) 


Two coils are placed side by side. An emf of 0.8 V is observed in one coil when the 
current is changing at the rate of 200 As' in the other coil. What is the mutual 
inductance of the coils? (Ans:4mH) 


A pair of adjacent coils has a mutual inductance of 0.75 H. If the current in the 
primary changes from 0 to 10 A in 0.025 s, what is the average induced emf in the 
secondary? Whatis the change in flux in itif the secondary has 500 turns? 

(Ans: 300 V , 1.5 x 10° Wb) 


A solenoid has 250 turns and its self inductance is 2.4 mH. What is the flux through 
each turn when the current is 2 A? What is the induced emf when the current 
changes at 20 A8 7 (Ans: 1.92x 10* Wb, 48 mV) 


Asolenoid of length 8.0 cm and cross sectional area 0.5 cm’ has 520 turns. Find the 
self inductance of the solenoid when the core is air. If the current in the solenoid 
increases through 1.5Ain 0.25, find the magnitude of induced emf in it. 

(h. 4x x 10" WbA"m") (Ans: 1.6x 10? V, 2.12x 10*H) 
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15.9 


15.10 


15.11 


15.12 


15.13 


15.14 


1545 


15.16 


15.17 


15.18 


When current through a coil changes from 100 mA to 200 min 0.005 s, an induced 
emfof40 mV is produced in the coil. (a) Whatis the self inductance of the coil? 
(b) Find the increase in the energy stored in the coil. (Ans: 2mH, 0.03 mJ) 


Like any field, the earth's magnetic field stores enegy. Find the magnetic energy 
stored in a space where strength of earth's field is 7 x 10°T, if the space occupies an 
area of 10x 10° m' and has a heightof 750 m. (Ans: 1.46 x 10*J) 


A square coil of side 16 cm has 200 turns and rotates in a uniform magnetic field of 
magnitude 0.05 T. If the peak emf is 12 V, what is the angular velocity of the coil 
(Ans: 47 rads") 


A generator has a rectangular coil consisting of 360 turns. The coil rotates at 
420 rev per min in 0.14 T magnetic field. The peak value of emf produced by the 
generator is 50 V. ifthe coil is 5.0 cm wide, find the length of the side of the coil. 

(Ans: 45 cm) 
Itis desired io make an a.c generator that can produce an emf of maximum value 
5kV with 50 Hz frequency. A coil of area 1 m having 200 turns is used as armature. 
‘What should be the magnitude of the magnetic field in which the coil rotates? 


(Ans: 0.08 T) 
The back emf in a motor is 120 V when the motor is turning at 1680 rev per min. What 
isthe back emf when the motor turns 3360 rev per min? (Ans: 240V) 


A D.C motor operates at 240 V and has a resistance of 0.5 N , When the motor is 
running at normal speed, the armature current is 15 A. Find the back emf in the 
armature. (Ans: 232.5 V) 


A copper ring has a radius of 4.0 cm and resistance of 1.0 mon, A magnetic field is 
applied over the ring, perpendicular to its plane. If the magnetic field increases from 
0.2 T to 0.4 T in a time interval of 5 x 10 8. what is the current in the ring during this 
interval? (Ans: 201A) 


A coil of 10 turns and 35 cm’ area is in a perpendicular magnetic field of 0.5 T. The 
collis pulled out of the field in 1.0 s. Find the induced emf in the coil as itis pulled out 
ofthe field. (Ans:1.75x10°V) 


An ideal step down transformer is connected to main supply of 240 V. Itis desired to 
operate a 12 V, 30 W lamp. Find the current in the primary and the transformation 
ratio? (Ans: 0.1254, 1/20) 
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| ALTERNATING CURRENT — 


Learning Objectives 


Atthe end of this chapter the students willbe able to: 
"values ofanatsmsting curentand valage ^) (ne Peak and root mean square 
2. om and use the relationship for the sinusoidal wave. 

3. Understand the flow of A.C. through resistors, capacitors and inductors. 

4. Understand how phase lags and leads in the circuit. 

5. Apply the knowledge to calculate the reactances of capacitors and inductors. 

6. Describe impedance as vector summation of resistances. 

7. . Knowanduse the formulae of A.C. powerto solve the problems. 

8. Understand the function of resonant circuits. 

9. Appreciate the principle of metal detectors used for security checks. 

0. Describe the three phase A.C. supply. 


1 
Ti. Become familiar with electromagnetic spectrum (ranging from radio waves 
to yra} 


Knowthe production, transmission and reception of electromagnetic waves. 


W. have read in the last chapter that an A.C. generator produces alternating 
voltage/current. Now a days most of the electrical energy is produced by A.C. generators 
using water power or huge steam turbines. The main reason for the world wide use ofA.C. is 
thatit can be transmitted to long distances easily and ata very low cost. 


Alternating current (A.C. is that which is produced by a voltage source whose polarity keeps 
on reversing with time (Fig.16.1 a,b). In Fig. 16.1 (a), the terminal A of the source is positive 
with respect to terminal B and it remains so during a time interval 0 to T/2. At = T/2, the 
terminals change their polarity. Now A becomes negative with respect to B (Fig, 16.1 b). This 
state continues during the time interval T /2 to T, after which terminal A again becomes 
positive with respect to B and the next cycle starts. As a result of this change of polarity, the 
direction of the current flow in the circuit also changes. During the time 0 -T/2, itflows in one 
direction and during the interval T/2—Tin opposite direction (Fig.16.1 a.b). This time interval T 
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during which the voltage source changes its polarity once is 
known as period T of the alternating current or voltage. Thus 
an alternating quantity is associated with a frequency f given 


s The most common source of alternating voltage is an A.C. 
$ generator which has been described in the previous chapter. 
The output Vofthis A.C.generatoratanyinstantisgivenby | 


[I — 
where Tis period of the rotation ofthe coil andis equaltothe | 
period ofA.C. and 2* = 2af = wis angular frequency of roaton | 


ofthe coil. Thus 2 xt = ot is the angle g through which the | 


coil rotates in time t. Eq.16.2 shows that the value of 
alternating voltage Vis not constant. IL changes with time t. 


LI 
Fig. 164 When t= 0, 0- 27.1 is 0 and V is zero. When t= 7/4, 
[t E " i 2 and Vattains its maximum value V, at this 
" instant, Att = 7/2, 8 = x and V is zero. At this instant V 
= „ changes its polarity and becomes negative henceforth. 


and finally at the end of the 


cycle when t= T, 0 = 25 and V - 0. The variation of V with 
lime tand 8is shown in Fig. 16.2 (a,b). This graph between 
vollage and time is known as waveform of alternating 


W voltage. It can be seen that it is a sine curve. Thus the output 
A c E voltage of an A.C. generator varies sinusoidally with time. In 
of wa 3:-» -. Our daily life we are mostly dealing with this type of voltage, 
E sowe will consider it in detail. 
(b) 
"ws The value of voltage or current that exists in a circuit at any 


instant of time t measured from some reference point is 
known as its instantaneous value. It can have any value 
between plus maximum value +V, and negative maximum 


n2 


value -V, and is denoted by V. The entire waveform shown in 
Fig.16.2 is actually a set of all the instantaneous values that 
exist during a period T. Mathematically, it is given by 
e vane! 


Ve sin Set zvsinzart immi edo 


Itis the highest value reached by the voltage or currentin one 
cycle. For example, voltage shown in Fig. 16.2 has a peak 
value of V. 


Peak to Peak Value 


Itis the sum of the positive and negative peak values usually 
written as p-p value. The p-p value of the voltage waveform 


vam ee BHCICTITONEN 
If we connect an ordinary D.C. ammeter to measure 
alternating current, it would measure its value as averaged 
overa cycle. Itcan be seen in Fig. 16.2thatthe average value 5 
of current and voltage over a cycle is zero, but the power 
delivered during a cycle is not zero because power is Rand 
the values of /'are positive even for negative values of /. Thus. 
the average value of “ is not zero and is called the mean 
square current. The alternating current or voltage is actually 


measured by square root of its mean square value known as 
root mean square (rms) value. 


1 
2" 
Vine 


PENT 
ns „ 


Letus compute the average value of V over a cycle. Fig.16.3 
shows an alternating voltage and the way its V values vary. 
Note that the values of V" are positive on the negative half. 
cycle also. As the graph of V is symmetrical about the line 
d; Vo, Sofor thisfigure the mean or the average value of Vis 
Vo. The root mean square value of Vis obtained bytaking 
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the square rootof V} /2 Therefore, 
— aiaia 
Vos -E- 3 -ons- 
I, 
Sim 4s 2071, 
ilarly 2 07%, 


Most of the alternating current and voltage meters are 
calibrated to read rms values. When we speak of A.C. meter 
reading, we usually mean rms values unless stated 
otherwise. 


(164) 


We have seen that the instantaneous value of the alternating 
voltage is given by 
V- V,sinot 

or V=V,sin8 

This angle 6 which specifies the instantaneous value of the 
alternating voltage or current is known as its phase. In 
Fig.16.2 (b), we can say that the phase at the points A, B, C, D 
and E is 0, x/ 2, x, 3z / 2 and 2x respectively because these 
angles are the values of g at these points. Thus each point on 
the A.C. waveform corresponds to a certain phase. 
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The phase at the positive peak is x/2 = 90° and it is 
3nl2 = 270° at the negative peak. The points where the 
waveform crosses the time axis correspond to phase 0 and z. 


Phase Lag and Phase Lead 


In practice, the phase difference between two altemaling 
quantities is more important than their absolute phases. 
Fig. 16.4 shows two waveforms 1 and 2. The phase angles of 
the waveform 1 atthe points A, B, C, D and E have been shown 
above the axis and those of waveform 2 below the axis. At the 
point B, the phase of 1 is x/ 2 and that of 2 is 0. Similarly it can 
be seen that at each point the phase of waveform 2 is less than 
the phase of waveform 1 by an angle of / 2. We say thatA.C.'2 
is lagging behind A.C. 1 by an angle of = / 2. It means that at 
each instant, the phase of A.C. 2 is less than the phase of A.C. 1 
by z / 2. Similarly it can be seen in Fig. 16.5, that the phase at 
each point of the waveform of A.C. 2 is greater than that of 
waveform 1 by an angle / 2. In this case, itis said that A.C. 28 
leading the A.C. 1 by 7/2. It means that at each instant of ime, 
the phase of A.C. 2 is greater than that of 1 by =/2. 

Phase lead and lag between two alternating quantities is 
conveniently shown by representing the two A.C, quantities 
as vectors. 


A sinusoidally alternating voltage or current can be 


graphically represented by a counter clockwise rotating | Y 

Vector provided it satisfies the following conditions. 

4. us length on a certain scale represents the peak or N J 
rms value ofthe alternating quantity. 


2. Itis in the horizontal position at the instant when the 
alternating quantity is zero and is increasing positively. w 


3, The angular frequency of the rotating vector is the 


same as the angular frequency o of the alternating v 
quantity. 
Fig. 16.6 (a) shows a sinusoidal voltage waveform leading an 
alternating current waveform by x/2. The same fact has been manne r 


shown vectorially in Fig.16.6 (b). Here vector OI represents 00 
1 (9) 

rence quantity. Simi represents the k 
value of the altemating voltage which is leading the current by AN 
90°. Both vectors are supposed to be rotating in the counter 


n5 


w 


Fig. 16.7 


clockwise direction at the angular frequency o of the two 
alternating quantities. Fig. 16.6 (b) shows the position of 


een 


The basic circuit element in a D.C. circuit is a resistor (R) 
which controls the current or voltage and the relationship 
between them is given by Ohm's law thatis V=/R. 

In AC. circuits, in addition to resistor R, two new circuit 
elements namely INDUCTOR (L), and CAPACITOR (C) 
become relevant. The current and voltages in A.C. circuits 
are controlled by three elements R, Land C. We would study 
the response of an A.C. circuit when it is excited by an 
alternating voltage. 


Fig. 16.7 (a) shows a resistor of resistance R connected with 
analternating voltage source. 


At any time t the potential difference across the terminals of 
the resistor is given by 


— (16.5) 


where V, is the peak value of the alternating voltage. The 
current flowing through the circuitis given by Ohm's law 
v 


= R Snot 


SS S bee 


LA 
where I is the instantaneous current and /, =R is the 


peak value of the current. It follows from Eqs.16.5 and 16.6 
that the instantaneous values of both voltage and current are 
sine functions which vary with time (Fig.16.7b). This figure 
shows that when voltage rises, the current also rises. If the. 
voltage falls, the current also does so ~ both pass their 
maximum and minimum values at the same instant. Thus in a 
purely resistive A.C, circuit, instantaneous values of voltage 
and currentare in phase. This behaviour is shown graphically 
in Fig.16.7 (b) and vectorially in Fig. 16.7 (c). 


Fig. 16.7 (c) shows V and I vectors for resistance. They are 
drawn parallel because there is no phase difference between 
them. The opposition to A.C. which the circuit 
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presentsis the resistance 
= R: T ig : 

The instantaneous power in the resistance is given by 
R= m (088) 

Pisin watts, V is in volts, lis in amperes and Ris in ohms. Itis 


very important to note that the Eq. 16.8 holds only when the. 
currentand voltage are in phase. 


ee eee eee Or c 


Alternating current can flow through a resistor, but it is not 
obvious that how it can flow through a capacitor. This can be s 
demonstrated by the circuit shown in Fig.16.8. A low power 

bulb is connected in series with a 1 uF capacitor to supply " 
mains through a switch. When the switch is closed, the bulb. "ons 
lights up showing that the current is flowing through the 
capacitor. Direct current cannot flow through a capacitor 
continuously because of the presence of an insulating 
medium between the plates of the capacitor. Now let us see 
how does A.C. flows through a capacitor. The current flows 
because the capacitor plates are continuously charged, 
discharged and charged the other way round by the 
alternating voltage (Fig. 16.9 a). The basic relation between 
the charge q on a capacitor and the voltage V across its 
plates i.e. q = C V holds at every instant. If V= V, sin uot is the 
applied alternating voltage, the charge on the capacitor at 
any instant will be given by 


a-CV«CVamet oss (89) 
Since C, V, are constants, itis obvious that q will vary the same 
way as applied voltage i.e., Vand q are in phase (Fig. 16.9 b). 
The current / s the rate of change of q with time i.e., 


Aq 

1 At 
So the value of / at any instantis the corresponding slope of 
theq-tcurve.AtO when q 70, the slope is maximum, so /is 
then a maximum. From O to A, slope of the q-t curve 
decreases to zero. So / is zero at N. FromAtoB the slope of =o 
the q- tcurve is negative and so /is negative from di io N in 
this way the curve PNRST gives the variation of current 
with time. . 


n7 


Referring to the Fig.16.2 (b) it can be seen that the phase at O 
is zero and the phase at the upper maximum is x / 2. So in 
Fig.16.9 (b) the phase of Vat O is zero but the current at this 
Point is maximum so its phase is x / 2. Thus, the current is 
leading the applied voltage by 90° or x / 2. Now consider the 
points A and N. The phase of alternating voltage at Ais x / 2 
but the phase of current at N is x. Again the currentis leading 
the voltage by 90° or x /2. Similarly by comparing the phase 
atthe pair of points (B, R), (C, S) and (D, T) itcan be seen that 
at all these points the current leads the voltage by 90" or . 
This is vectorially represented in Fig.16.9 (c). 

Reactance of a capacitor is a measure of the opposition 
offered by the capacitor to the flow of A.C. It is usually 
represented by Xç. Its value is given by 


* . e i640 


where V= is the rms value of the alternating voltage across the 
capacitor and - is the rms value of current passing through the 
capacitor. The unit of reactance is ohm. In case of capacitor 


T M Een 
EM UA 

E REM (16.11) 
According to Eq.16.11, a certain capacitor will have a large 
reactance at low frequency. So the magnitude of the 
‘opposition offered by it will be large and the current in the 
circuit will be smail. On the other hand at high frequency, the 
reactance will be low and the high frequency current through 


An inductor is usually in the form of a coil or a solenoid wound 


from a thick wire so that it has a large value of self inductance 
and has a negligible resistance. We have already seen how 
self inductance opposes changes of current. So when an 
alternating source of voltage is applied across an inductor, it 
must oppose the flow of A.C. which is continuously changing 
(Fig. 16.10). Let us assume that the resistance of the coil is 
negligible. We can simplify the theory by considering first, the 
current and then finding the potential difference across the 


inductor which will cause this current. Suppose the current is 


|, sin 2 nf t. If L is the inductance of the coil, the changing 
current sets up a back emf in the coil of magnitude 


To maintain the current, the applied voltage must be equal to 
the back e.m.f. The applied voltage across the coil must, 
therefore, be equal to 


eyes 
at 


Since L is a constant, V is proportional ox 519.16. 10 (b) 


shows how the current / varies with time. The value of 
AI At is given by the slope of the / - t curve at the various 
instants of time. At O, the value of the slope is maximum, so the 
maximum value of Vequal to V, occurs at O and is represented 
by OP (Fig. 16.10 b). From O to A the slope of / - t graph 
decreases to zero so the voltage decreases form V, to zero at 
Q. From A to B, the slope of the / - t graph is negative, so the 
voltage curve goes from Q to R. In this way the voltage is 
represented by the curve PQRST corresponding to current 
curve OABCD. By comparing the phases of the pair of points 
(O, P), (A, Q), (B, R), (C, S) and (D, T), it can be seen that the 
phase of the currentis always less than the phase of voltage by 
90 or / 2 i.e., current lags behind the applied voltage by 90° 
or n/2orthe applied voltage leads the current by 90° or x/2. 
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(e) 


Fig. 18:10 
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Thisis vectorially shown in Fig. 16.10(c) Inductive reactance 
is a measure of the opposition offered by the inductance coil 
tothe flow of A.C. Itis usually denoted by X, 


If Ving iS rms value of the alternating voltage across an 
inductance and In, the rms value of the current passing 
through it the value of, is given by 

à M 


The reactance of a coil, therefore, aa ar he 
frequency of the A.C. and the inductance L. It is directly 
ional to both fand L. Lis expressed in henry, fin hertz, 
and X, in ohms. It is to be noted that inductance and 
capacitance behave oppositely as a function of frequency. If f 
islowX, is small but X; is large. For high f, X, is large but X, is 
small. The behaviour of resistance is independent of 
frequency. 
Referring to Fig.16:10 (b), it can be seen that no power is 
dissipated in a pure inductor. In the first quarter of cycle both V 
and 7 are positive so the power is positive, which means 
energy is supplied to inductor. In the second quarter, V is 
positive but / S negative. Now power is negative which implies 
that energy is retumed by the inductor. Again in third quarter, it 
receives energy but retums the same amount in the fourth 
quarter. Thus, there is no net change of energy in a complete 
cycle. Since an inductor coll does not consume energy, the 
coilis often employed for controlling A.C. without consumption. 


TER pon ceret 


We already know that resistance R offers opposition to the 
flow of current. In case of A.C. an inductance L or a 
capacitance C also offer opposition to the flow of A.C. which 
is measured by reactances X, and X, respectively. An A.C. 
circuit may consist of a resistance R, an inductance L, a 
capacitance C or a combination of these elements. The 
combined effect of resistance and reactances in such a 
Circuits known as impedance and is denoted by Z. 

Iis measured by the ratio of the rms value of the applied 
S . Thus 
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Itisalsoexpressed in ohms. 


Consider a series network of resistance R and a capacitor C 
excited by an alternating voltage (Fig.16.11 a). As R and C 
are in series, the same current would flow through each of 
them. If Jy, is the value of current, the potential difference 
across the resistance R would be J- R and it would be in 
phase with current i The vector diagram of the voltage and 
current is shown in Fig.16.11 (b). Taking the current as 
reference, the potential difference -N across the resistance 
is represented by a line along the current line because 
potential drop J- R is in phase with current. The potential 
difference across the capacitor will be /. . X, = I. / wC. As 
this voltage lags the current by 90°, so the line representing 
the vector . J oC is drawn at right angles to the current line. 
(Fig.16.11b). 


The applied voltage V., that will send the current / in the 
circuit is obtained by the resultant of Ihe vectors I- R and 


Dies : 
m 5 
Mos JURY 5) 
jm 1 
N J 
fora = Ima |R (E 


Itcanbe seen in Fig.16.11 (b) that the current and the applied 
voltage are not in phase. The current leads the applied 
voltage by an angle @ such that 
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(a) 


Fig 16.11 


—— 


te) 
Fig. 16.11 


(16.16) 


Eq.16.15 suggests that we can find the impedance of a 
series A.C. circuit by vector addition. The resistance R is 
represented by a horizontal line in the direction of current 


which is taken as reference. The reactance X; -5 is 


shown by a line lagging the R - line by 90° (Fig. 16.11 c). The 
impedance Z of the circuit is obtained by the veclor 
summation of resistance and reactance. Fig.16.11 (c) is 
known as impedance diagram of the circuit. The angle which 
the line representing the impedance Z makes with R line 
gives the phase difference between the voltage and current. 
in Fig.16.11(c), the current is leading the voltage applied by 


anangle 
z (&)- 1 
8-tan ( tan 


Now we will calculate the impedance of a R - L series circuit 
by drawing its impedance diagram. Fig.16.12 (a) shows an 
R-L series circuit excited by an A.C. source of frequency . 
The current is taken as reference, so it is represented by a 
horizontal line. Resistance Ris drawn along this line because 
the potential drop /,,. R is in phase with current. As the 
potential across the inductance V, = I, X, = Mp (uL) leads 
the current by 90°, so the vector line of reactance X, = oL is 
drawn at right angle to R line (Fig.16.12 b). The impedance Z 
of the circuit is obtained by the vector sum of R and ox. lines. 
Thus 


Z - JR? «(oL 


The angle 0 = tan = which Z makes with R line gives the 


phase difference between the applied voltage and current. In 
this case the voltage leads the current by 6°. By comparing 
the impedance diagrams of R - Cand L - R circuits, it can be 
seen that the vector lines of reactances X; and X, are 
directed opposite to each other with Ras reference. 


The expression for power is P= .- n.. This expression is true 
in case of AC. circuits, only when V and I are in phase as in 
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case of a purely resistive circuit. We have already seen that the 
power dissipation in a pure inductive or in a pure capacitance 
circuit is zero. In these cases the current lags or leads the 
applied voltage by 90° and component of applied voltage 
vector V along the current vector is zero (Fig.16.9 c and 
16.10 c). In AC. circuit the phase difference between applied 
voltage V and the current J. is  (Fig.16.11 b and 16.12 b). The 
component of V along current J. iS V... cos. Actually itis this 
component of voltage vector which is in phase with current. So 
the power dissipated in A C. circuit 


Pslux VU eee 
The factor cos@ is known as power factor. 


Example 16.4: At what frequency will an inductor of 
1.0 Hhavea reactance of 500 Q? 


Solution: 
ae 
X,=oL=2nfL=5000 


5002 5000 
L 2xx10H 780Hz 


Example 16.5: An iron core coil of 2.0 H and 50 Qis placed 
in series with a resistance of 450 Q. An A.C. supply of 100 V, 
50 Hz is connected across the circuit. Find (i) the current 
flowing in the coil, (ii) phase angle between the current and 
voltage. 


(16.17) 


‘A metal detector is used to locale 
objects 


Solution: i 
Resistance N50 04500 5000 
Inductance =. OH 


Supply voltage = V... - 100 V 

Frequency =f=50Hz 

Thereactance =X,=oL=2nfL 
72x344x50s'x20H-6280 

Impedance = Z = „ (uL) 


= ¥(500 Q}? + (628 2)? = 8032 


Ve _ 100V 
= 833 7 001245A=12.45mA 
Current / 2 380347 45 A 1 


Phase difference g Stan £3 


123 


2 (3) -s1 5 
5:00] 515 


Example 16.6: Acircuit consists of a capacitor of 2 uF anda 
resistance of 1000 Q connected in series. An alternating 
voltage of 12 V and frequency 50 Hz is applied. Find (i) the 
current in the circuit, and (ji) the average power supplied. 


Solution: 
Resistance - R7 1000 
Capacitance = C2 yF 2X 10^ F 
Frequency =f=50Hz 

1 
Reactance = Xc 


CC 
. 
28.4508 240 f 


Impedance =Z (Ke 
- (1000 QP + (1592.0)? = 18802 


Ve 12V 
V= 12V 00064 K-64 
zog e ACCAmA. 


215920 


Average power = V... lm cos 
12V x0.0064Ax0.5327 0.04 W 


Consider a R - L - C series circuit which is excited by an 
alternating voltage source whose frequency could be varied 


(Fig.16.13 a). The impedance diagram of the circuit is shown 
in Fig.16.13 (b). As explained earlier, the inductive reactance 
X, = ol and capacitor reactance Xc -5 are directed 
opposite to each other. When the frequency ofA.C. source is 
very small X E is much greater than X, = wL. So the 
capacitance dominates at low frequencies and the circuit 
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behaves like an R - C circuit. At high frequencies X, = oL is 
much greater than Xc E . In this case the inductance 


dominales and the circuit behaves like R - L circuit. In 
between these frequencies there will be a frequency w, at 
which X, = X... This condition is called resonance. Thus at 
resonance the inductive reactance being equal and opposite 
to capacitor reactance, cancel each other and the impedance 
diagram assumes the form (Fig.16.13 c). The value of the 
resonance frequency can be obtained by puting 


„ le 


x . (1618) 


The following are the properties of the series resonance. 
i) The resonance frequency is given by 
1 


he 
2nJLC 


li) The impedance of the circuit at resonance is resistive 
so the current and voltage are in phase. The power 
factoris 1. 

ii) ^ The impedance of the circuit is minimum at this 
frequency and itis equal to R. 


iw) — Ifthe amplitude of the source voltage V, is constant, 
the currentis a maximum at the resonance frequency 
and its value is V, / R. The variation of current with the 
frequency is shown in Fig. 16.14. 

v)  Atresonance V, the voltage drop across inductance 
and V, the voltage drop across capacitance may be 
much larger than the source voltage. 


Fig. 16.15 shows an L - C parallel circuit It is excited by an 
alternating source of voltage whose frequency could be 
varied. THe inductance coil L nas a resistance r which is 
negligibly small. The capacitor draws a leading current, 
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Fig. 16.13 
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Fig. 16.15 
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whereas the coil draws a lagging current The circuit 
resonates at a frequency «= i», which makes X, X... so that 
the two branch currents are equal but opposite Hence, they 
cancel out with the result that the current drawn from the 
supply is zero. In actual practice, the current is not zero but 
hasa minimum value due to small resistance rof the coil 
Properties of parallel resonant circuits are 


) Resonance frequency is f = 


ENT 


Ñ) tthe resonance frequency, the circuit impedance is 
maximum. It is resistive. 

tii) At the resonance the current is minimum and it is in 
phase with the applied voltage. So the power factor is 
one. The variation of current with the frequency of the 
‘source is shown in Fig, 16.16, 

iv) Atresonance, the branch currents /, and /; may each 

de larger than the source current i. 


We have already studied that an A C. generator consists of a 
coil with a pair of slip rings. As the coil rotates an alternating 
voltage is ‘across the slip rings. In a three phase 
A.C. generator, instead of one coil, there are three coils 
inclined at 120° to each other, each connected to its own pair 
of slip rings. When this combination of three coils rotate in the. 
magnetic field, each coil generates an alternating voltage 
across its own pair of slip rings. Thus, three alternating 
voltages are generated. The phase difference between these 
voltages is 120°, It means that when voltage across the first 


126 


pair of slip rings is zero, having a phase of 0, the voltage 
across the second pair of slip rings would not be zero but it 
will have a phase of 120°. Similarly at this instant the voltage 
generated across the third pair will have a phase 240". This is 
shown in Fig. 16.17. The machine, instead of having six 
terminals, two for each pair of slip rings, has only four 
terminals because the starting point of al the three coils has a 
common junction which is often earthed to the shaft of the 
generator and the other three ends of the coils are connected 
to three separate terminals on the machine. These four 
terminals along with the lines and coils connected to them are 
shown in Fig.16.18. The voltage across each of lines 
connected to terminals A, B, C and the neutral line is 230 V. 
Because of 120° phase shift, the voltage across any two lines 
is about 400 V. The main advantage of having a three phase 
supply is that the total load of the house or a factory is divided 
in three parts, so that none of the line is over loaded. If heavy 
load consisting of a number of air conditioners and motors 
etc., is supplied power from a single phase supply, its voltage 
is likely to drop at full load. Moreover, the three phase supply 
also provides 400 V which can be used to operate some 
special appliances requiring 400 V for their operation. 


A coil and a capacitor are electrical components which 
together can produce oscillations of current. An L - C circuit 
behaves just like an oscillating mass - spring system. In this. 
case energy oscillates between a capacitor and an inductor. 
The circuit is called an electrical oscillator. Two such 
oscillators A and B are used in the operation of a common 
type of metal detector (Fig.16.19). In the absence of any 
nearby 


metal object, the inductances L, and L are the same and 
hence the resonance frequency of the two circuits is also 
same. When the inductor B, called the search coil comes 
near a metal object, its inductance Ie decreases and 

ing oscillator frequency increases and thus a 
beat note is heard in the attached speaker. Such detectors 
are extensively used not only for various security checks but 
also to locate buried metal objects. 


Itis a coil which consists of thick copper wire wound closely in 
a large number of turns over a soft iron laminated cores. This 
makes the inductance L of the coil quite large whereas its 
resistance Ris very small. Thus it consumes extremely small 
power. Itis used in A.C. circuits to limit current with extremely 
small wastage of energy as compared to a resistance or a 
rheostat. 


It is a very important class of waves which requires no 
medium for transmission and which rapidly propagates 
through vacuum. 


In 1864 British physicist James Clark Maxwell formulated a 
set of equations known as Maxwell's equations which 
explained the various electromagnetic phenomena. 
According to these equations, a changing magnetic flux 
creates an electric field and a changing electric flux creates a 
magnetic field. Consider a region of space AB as shown in 
Fig.16.20. Suppose a change of magnetic flux is taking place 
through it. This changing magnetic flux will set up a changing 
electric flux in the surrounding region. The creation of electric 
field in the region CD will cause a change of electric flux 
through it due to which a magnetic field would be set up in the 
space surrounding CD and so on. Thus each field generates 
the other and the whole package of electric and magnetic 
fields will move along propelling itself through space. Such 
moving electric and magnetic fields are known as 
electromagnetic waves. The electric field, magnetic field and 
the direction of their propagation are mutually orthogonal 
(Fig.16.21). It can be seen in this figure that the 
electromagnetic waves are periodic, hence they have a 
A where fis 
. In free space 
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Fig. 18.21 
Depending upon the values of wavelength and frequency, 
the electromagnetic waves have been classified into different 
types of waves as radiowaves, microwaves, infrared rays, 
visible light etc. Fig.16.22 shows the complete spectrum of 


spectrum, 


Electromagnetic waves from the low radio waves to high 
frequency gamma rays. 


We have seen that electromagnetic waves are generated 
when electric or magnetic flux is changing through a certain 
region of space, An electric charge at rest gives rise to a 
Coulomb's field which does not radiate in space because no 
change of flux takes place in this type of field. & charge 
moving with constant velocity is equivalent to a steady 
current which generates a constant magnetic field in the 
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Fig. 16.23 
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Fig. 1624 


surrounding space. but such a field also does not radiate out 
because no changes of magnetic lux are involved. Thus only 
chance to generate a wave of moving field is when we 
accelerate the electrical charges. 


A radio transmitting antenna provides a good example of 
generating electromagnetic waves by acceleration of 
charges. The piece of wire along which charges are made to 
accelerate is known as transmitting antenna (Fig. 16.23). It is 
charged by an alternating source of potential of frequency f 
and time period T. As the charging potential alternates, the 
charge on the antenna also constantly reverses, For 
example if the top has + q charges at any instant, then after 
time F/ 2 the charge on it will be - q. Such regular reversal of 
charges on the antenna gives rise to an electric flux that 
constantly changes with frequency f. This changing electric 
flux sets up an electromagnetic wave which propagates out 
in space away from the antenna. The frequency with which 
the fields alternate is always equal to the frequency of the 
source generating them. These electromagnetic waves 
which are propagated out in space from antenna of a 
transmitter are known as radio waves. In free space these 
waves travel with the speed of light. 


‘Suppose these waves impinge on a piece of wire (Fig.16.24). 
The electrons in the wire move under the action of the 
oscillating electric field which give rise to an alternating 
voltage across the wire. The frequency of this voltage is the 
same as that of the wave intercepting the wire. This wire 
receiving the wave is known as receiving antenna. As the 
electric field of the wave is very weak at a distance of many 
kilometres from the transmitter, the voltage that appears 
across the receiving antenna is very small. Each transmitter 
radio waves of one particular frequency. So 
when a number of transmitting stations operate 
simultaneously, we have a number of radio waves of different 
frequencies in the space. Thus the voltage that appears 
across a receiving antenna placed in space is usually due to 
the radio waves of large number of frequencies. The voltage 
of one particular frequency can be picked up by connecting 
an inductance L and a variable capacitor C in parallel with 
one end of the receiving antenna (Fig. 16.24). 
If one adjusts the value of the capacitor so that the natural 


frequency of L - C circuit is the same as that of the 
transmitting station to be picked up, the circuit will resonate 
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under the driving action of the antenna. Consequently, the 
L- C circuit will build up a large response to the action of only 
that radio wave to which itis tuned. In your radio receiver set 
when you change stations you actually adjust the value of C. 


Speech and music etc. are transmitted hundred of kilometres. 
away by a radio transmitter. The scene in front of a television 
camera is also sent many kilometres away to viewers. In all 
these uses, the carrier of the programme is a high frequency 
radio wave. The information i. 
impressed on the radio wave. 
destination. 


Modulation is the process of combining the low frequency. 
signal with a high frequency radio wave called carrier wave. 
The resultant wave is called modulated carrier wave. The low 


Amplitude Modulation 


In this type of modulation the amplitude of the carrier wave is 
increased or diminished as the amplitude of the superposing 
modulating signal increases and decreases. 


Fig.16.25 (a) represents a high frequency carrier wave of 
constant amplitude end frequency, Fig.16.25() represents a 
low or audio frequency signal of a sine 

Fig.16.25 (c) shows the result obtained by Coeur 
thecarrier waves with the modulating wave. The AM. 
transmission frequencies range from 540 kHz to 1600 kHz. 


requency Modulatior 
In this type of modulation the frequency of the carrier wave is 
increased or di 


but 

constant. Fig.16.26 shows frequency modulation. The 
frequency of the modulated carrier wave is highest (point H) 
when the signal amplitude is at its maximum positive value and 
is at its lowest frequency (point L) when signal amplitude has 
maximum negative. When the signal amplitude is zero, the 
carrier frequency is at is normal frequency f,- 
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light, sound or other data iS . 
is carried along with ittothe ‘j 


© 


‘Wa Carer waves, 
frequency signal is known as modulation signal. Modulation — ^re 

is achieved by changing the amplitude or the frequency of the 
carrier wave in accordance with the modulating signal. Thus 
we have two types of modulations which are 


1. Amplitude modulation (A.M), 2. Frequency modulation (F.M) 


to 


Fig. 16.26 


16.1 


‘The FM. transmission frequencies are much higher and ranges 
between 88 MHz to 108 MHz. F.M. radio waves are affected 


have a shorter range than AM. waves and are less able to 
travel around obstacles such as hills and large buildings. 


Alternating current is that which is produced by a voltage source whose polarity 
keeps on reversing with time. 

The time interval during which the voltage source changes its polarity.once Is known 
as period T ofthe alternating current or voltage. 

The value of voltage or current that exists in a circuit at any instant of time measured 
from some reference point is known as Its instantaneous value. 


The highest value reached by the voltage or current in one cycle is called the peak 
value ofthe voltage or current. 


The sum of positive and negative peak values is called peak to peak value and is 
written a8 p-p value. 

The root mean square value (rms)is the square root ofthe average value of V^or I", 
The angle 6 which specifies the instantaneous value of the alternating voltage or 
current, gives the phase lag or phase lead of one quantity over the other. 

An inductor is usually in the form of a coil or a solenoid wound from a thick wire so 
tat it has a large value of self inductance and has negligible resistance. 


The combined effect of resistance and reactance in a circuit is known as impedance 
and is denoted by Z. 

Choke is a coil which consists of thick copper wire wound closely in a large number 
of tums over a softiron laminated core. 

Electromagnetic waves are those which require no medium for transmission and 
rapidly propagate through vacuum. 

Modulation is the process of combining the low frequency signal with a high 
frequency radio wave, called carrier waves. The resultant wave is called modulated 
carrier wave. 


Asinusoidal current has rms value of 10A. Whatis the maximum or peak value? 
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16.2 


16.3 


16.5 


16.6 


Name the device that will (a) permit flow of direct current but oppose the flow of 
alternating current permit flow of alternating current but not the direct current. 


How many times per second will an incandescent lamp reach maximum brilliance 
when connected to a 50 Hz source? 


A circuit contains an iron-cored inductor, a switch and a D.C. source arranged in 
series. The switch is closed and after an interval reopened. Explain why a spark 
jumps across the switch contacts? 


How does doubling the frequency affect the reactance of (a) an inductor 
(b) a capacitor? 

In a R - L circuit, will the current lag or lead the voltage? Illustrate your answer 
byavector diagram. 

Achoke coil placed in series with an electric lamp in an A.C. circuit causes the lamp to 
become dim. Why is it so? A variable capacitor added in series in this circuit may be 
adjusted until the lamp glows with normal briliance. Explain, how this is possible? 


Explain the conditions under which electromagnetic waves are produced from a 
source? 


How the reception of a particular radio station is selected on your radio set? 
at is meant by A. M. and F.M.? 


An alternating current is represented by the equation /= 20 sin100 xt. Compute its 
frequency and the maximum andrms values of current. (Ans: 50Hz, 20A, 14A) 
Asinusoidal A.C. has a maximum value of 15 A. What are its rms values? If the time 
is recorded from the instant the current is zero and is becoming positive, what is the. 
instantaneous value of the current after 1 /300 s, given the frequency is 50 Hz. 

(Ans: /,,=10.6 A, Instantaneous current = 13.0 A) 


Find the value of the current and inductive reactance when A.C. voltage of 220 V at 
50 Hz is passed through an inductor of 10 H. (Ans: O. O7 A. X, 731400) 


A circuit has an inductance of 1/x H and resistance of 2000 Q. A 50 Hz A.C, is 
supplied to it. Calculate the reactance and impedance offered by the circuit. 
(Ans: X, = 100 A, Z = 2002.5 Q) 
‘An inductor of pure inductance 3/s H is connected in series with a resistance of 40 O. 
Find the peak value of the current(i) the rms value, and (ii) the phase difference 
between the currentand the applied voltage V= 350 sin(100x f). 
(Ans: (i) 1.16 A, (i) 0.81 A, (il) 82.4°) 


A 10 mH, 20 Q coil is connected across 240 V and 180 / Hz source. How much 
power does it dissipate? (Ans: 2778 U) 
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16.7 Findthe value of the current flowing through a capacitance 0.5 pF when connected 
toa source of 150 V at 50 Hz. (Ans: J. 0.024) 


16.8 An alternating source of emf 12 V and frequency 50 Hz is applied to a capacitor of 
capacitance 3 uF in series with a resistor of resistance 1k Q. Calculate the phase 
angle. (Ans: 46.7°) 


16.9. Vat is the resonant frequency of a circuit which includes a coil of inductance 2.5 H 
anda capacitance 40 uF? (Ans: 15.9Hz) 
46.10 An inductor of inductance 150 pH is connected in parallel with a variable capacitor 
whose capacitance can be changed from 500 pF to 20 pF. Calculate the maximum 


frequency and minimum frequency for which the circuit can be tuned. 
(Ans: 2.91 MHz, 0.58 MHz) 
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Chapters gf 
erstes or s s,ses 


Learning Objectives 

Atthe end of this chapter the students will be able to: 

1. Ses between the structure of crystalline, glassy, amorphous and polymeric 
18. 


2 Understand the idea of lattice. 


Appreciate that deformation is caused by a force and that, in one dimension, the 
deformation can be tensile or compressive. 


4. Define and use the terms Young's modulus, bulk modulus and shear modulus. 
5, Describe an experimentto determine elastic limit and yield strength. 

6. Distinguish between elastic and plastic deformation of a material. 
T. 
8. 


Synthesize and deduce the strain energy in a deformed material from the area under 
ie orce extension graph. 


. Describe the energy bands in solids. 

9. Classify insulators, conductors, semi-conductors on the basis of energy bands. 
10. Distinguish between intrinsic and extrinsic semiconductors. 

41. Explain howelectrons and holes flow across a junction. 

12. Describe superconductors. 

13. Distinguish between dia, para and ferro magnetic materials. 

14. Understand and describe the concept of magnetic domains in a material. 

.  Knowthe Curie point. 

Classify hard and soft ferro magnetic substances. 

Understand hysteresis and hysteresis loss. 


M... have specific uses depending upon their characteristics and properties, such 
as hardness, ductility, malleability, conductivity etc. What makes steel hard, lead soft, iron 
magnetic and copper electrically conducting? it depends upon the structure ~ the particular 
order and bonding of atoms in a material. This clue has made it possible to design and 
create materials with new and unusual properties for use in modern technology. 


In crystalline solids there is a regular arrangement of molecules. The neighbours of every 
molecule are arranged in a regular pattern that is constant throughout the crystal. There is, 
thus an ordered structure in crystalline solids. 
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The vast majority of solids, e.g., metals such as copper, iron 
Dee tonc compounds such as sodium conde 
Ceramics such as zirconia are crystalline. The arrangement 
of molecules, atoms or ions within all types of crystalline 
solids can be studied using various X-ray techniques. It 
should be noted that atoms, molecules or ions in a crystalline 
solid are not static. For example, each atom in a metal crystal 
Crystalline vibrates about a fixed point with an amplitude that increases 
with rise in temperature. It is the average atomic positions 
which are perfectly ordered over large distances. 


The cohesive forces between atoms, molecules or ions in 
crystalline solids maintain the strict long-range order inspite 
of atomic vibrations. For every crystal, however, there is a 
temperature at which the vibrations become so great that the 
structure suddenly breaks up, and the solid melts. The 
transition from solid (order) to liquid (disorder) is, therefore, 
abrupt or discontinuous. Every crystalline solid has a definite 
melting point. 


The word amorphous means without form or structure. Thus 

in amorphous solids there is no regular arrangement of 
molecules like that in crystalline solids. We can, therefore, 
say that amorphous solids are more like liquids with the 
disordered structure frozen in. 


For example ordinary glass, which is a solid at ordinary 

ure, has no regular arrangement of molecules. On 
heating, it gradually softens into a paste like state before it 
becomes a very viscous liquid at almost 800'C. Thus 
amorphous solids are also called glassy solids. This type of 
solids have no definite melting point. 


of 
d 


Polymers may be said to be more or less solid materials with 


BREEZE. a structure that is intermediate between order and disorder. 


They can be classified as partially or poorly crystalline solids. 


Polymers form a large group of naturally occurring and 
synthetic materials. Plastics and synthetic rubbers are termed 
"Ploymers' because they are formed by polymerization 
reactions in which relatively simple molecules are chemically 
Combined into massive long chain molecules, or "three 
dimensional" structures. These materials have rather low 
Partofa PVC molecile ^ Specific gravity compared with even the lightest of metals, and 
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yet exhibit good strength-to-weight ratio. 


Polymers consist wholly or in part of chemical combinations of 

carbon with oxygen, hydrogen, nitrogen and other metalic or ieee 
non-metallic elements. Polythene, polystrene and nylon etc., 
are examples of polymers. Natural rubber is composed in the 
pure state entirely of a hydrocarbon with the formula (C.H, , . 


Crystal Lattic 


^ crystalline solid consists of three dimensional pattern that 
repeats itself over and over again. This smallest three 
dimensional basic structure is called unit cell. The whole 
structure obtained by the repetition of unit cell is known as 
crystal lattice. For example, the pattern of NaCl particles 
have a cube shape. The cube shape of the sodium chloride is 
just one of several crystal shapes. In a cubic crystal all the 
sides meetat right angles. Other crystal shapes have comers 
inwhich one or more of the angles are not right angles. 


If we hold a soft rubber ball in our hand and then squeeze it, Q 
the shape or volume of the ball will change. However, if we — (s 
stop squeezing the ball, and open our hand, the ball will 

retur to its original spherical shape. This has been illustrated 
schematically in Fig.17.1. 


* * r F 
Similarly, if we hold two ends of a rubber string in our hands, 
and move our hands apart to some extent, the length of the [2d r 
string will increase under the action of the applied force A : 
exerted by our hands. Greater the applied force larger will be 3 


the increase in length. Now on removing the applied force, 
the string will return to its original length. From these 
examples, it is concluded that deformation (i.e., change in 

shape, length or volume) is produced when a body is 

subjected to some external force. 


In crystalline solids atoms are usually arranged in a certain 


order. These atoms are held about their equilibrium position, 
which depends on the strength of the inter-atomic cohesive 
force between them. When external force is applied on such 
a body, a distortion results because of the displacement of 
the atoms from their equilibrium position and the body is said 
to be in a state of stress. After the removal of external force, 
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the atoms return to their equilibrium position, and the body 
regains its original shape, provided that external applied 
force was not too great. The ability of the body to return io is 
original shape is called elasticity. Fig.17.2 illustrates 
deformation produced in a unit cell of a crystal subjected to 
an extemal applied force. 


Stress and Strain 


The results of mechanical tests are usually expressed in 
terms of stress and strain, which are defined in terms of 
applied force and deformation. 


Itis defined as the force applied on unit area to produce any 
change in the shape, volume or length of a body. 
Mathematically itis expressed as 


The SI unit of stress (o) is newton per square metre (Nm°), 
whichis given the name pascal (Pa). 

Stress may cause a change in length, volume and shape. 
When a stress changes length, it is called the tensile stress, 
when it changes the volume itis called the volume stress and 
when it changes the shape itis called the shear stress. 


Strain is a measure of the deformation of a solid when stress 
is applied to it. In the case of deformation in one dimension, 
strain is defined as the fractional change in length. If Ais the. 
change in length and Zis the original length (Fig. 17.3 e) nen 
strains given by 


Since strain is ratio of lengths, it is dimensionless, and 
therefore, has no units. If strain £ is due to tensile stress o, itis 
called tensile strain, and if it is produced as a result of 
compressive stress o. itis termed as compressive strain. 


In case when the applied stress changes the volume, the 
change in volume per unit volume is known as volumetric 
strain (Fig. 17.3). Thus 
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Volumetric strain» ^ 
Now referring to Fig. mao. when the opposite faces 
subjected to shear stress , pe caren 


Experiments have revealed that the ratio of stress to strain is. 
a constant for a given material, provided the external applied 
Tora fe rk too reet TIR INO fs Caled miia Of ety 
and can be mathematically described as 


Since strain is a dimensionless quantity, the units of modulus 
of elasticity are the same as those of stress; i.e., Nm“ or Pa. 
In the case of linear deformation, the ratio of tensile (or 
compressive) pressive) sets c (- AV tonala (oc tome) 
strain e = A£/Ziscalled Your 


For three dimensional deformation, when volume is involved, 
then the ratio of applied stress to volumetric strain is called 
Bulk modulus. 


where AVis the change in original volume V. 


However, when the shear stress t=( F/ A) and shear strain 
(= tan o) are involved, then their ratio is called shear modulus. 


Elastic constants for some of the materials are given in 
Table 17.1. 


Efasticamtiand Yi 


In a tensile test, metal wire is extended at a specified 
deformation rate, and stresses generated in the wire during 


deformation are continuously measured by a suitable 
electronic device fitted in the mechanical testing machine. 
Force-elongation diagram or stress-strain curve is plotted 
automatically on X-Y chart recorder. A typical stress-strain 
curve for a ductile material is shown in Fig. 17.4. 

In the initial stage of deformation, stress is increased linearly 
with the strain till we reach point A on the stress-strain curve. 
This is called proportional limit (oj). It is defined as the 


Hooke's law which states that the strain is directly 
— proportional to stress is obeyed in the region OA. From A to 
-, 8, stress and strain are not proportional, but nevertheless, if 
the load is removed at any point between O and B, the curve 
will be retraced and the material will return to its original 
length, In the region OB, the material is said to be elastic. The 
point B is called the yield point. The value of stress at B is 
known as elastic limit d, If the stress is increased beyond the 
yield stress or elastic limit of the material, the specimen 
becomes permanently changed and does not recover its 
original shape or dimension after the stress is removed. This 
kind of behaviour is called plasticity. 


The region of plasticity is represented by the portion of the 
curve from B to C, the point C in Fig. 17.4 represents the 
„ultimate tensile strength (UTS) c, of the material. The UTS is 
defined as the maximum stress that a material can withstand, 
and can be regarded as the nominal strength of the material, 
Once point C corresponding to UTS is crossed, the material 
breaks at point D, responding the fracture stress (cj) 


Substances which undergo plastic deformation until they 
o! = break, are known as ductile substances. Lead, copper and 
— ], are ductile. Other substances which break just 
‘ypeal ducti marra > ^ after the elastic limit is reached, are known as brittle 
substances. Glass and high carbon steel are britti 
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to a log and is then pulled by tractor. The length of steel wire 
between the log and the tractor is 11 m. A force of 10,000 Nis 
required to pull the log. Calculate (a) the stress in the wire and 
(b) the strain in the wire. (c) How much does the wire stretch 
when the logis pulled? (E 200 x 10” Nm*) 


Solution: 
F 10,000 U 
(e) Astensile stress o =A = T (Grid m/ 
= 88.46 x 10'Nm*- 88.46MPa 
Ae 
(b) The tensile tent . 


Stress 89.48 x10° Nm 
pg 0009. (89.46 X10 Nov 
Aso E= Strain ‘Strain 


88.46 «10° Nm? 
Strain = xe Nee 4 x10* 


= 200% 105 Nm? 


(c) Nowusing the relation Strain == e get 
At =4.4x 10*x 11 m74.84 x 107m 24.84 mm 


Strain Energy in Deformed Mate 


Consider a wire suspended vertically from one end. It i 
stretched by attaching a weight at the other end. We can 
increase the stretching force by increasing the weight. By 
noting the extension C of the wire for different values of the 
‘stretching force F, a graph can be drawn between the force F 
and the extension 4 (Fig.17.5). If the elastic limit is not 
exceeded, the extension is directly proportional to force F. As 
the force F stretches the wire, it does some amount of work 
on wire which is equal to product of force F and the extension 
4. Suppose we are required to find the amount of the work 
done when the extension is i. Let the force for this extension 
be f. Fig.17.5 shows that the force F does not remain 
constant in producing the extension 4, it varies uniformly 
from 0 to F. In such a situation the work is calculated by 
graphical method. 


Suppose at some stage before the extension 4, is reached, 
the force in the wire is F and that the wire now extends by a 
very small amount Ax. The extension Ax is so small that the 
force F may be assumed constant in Ax, so the work done in 
producing this small extension is Fx Ax. In the figure it can be 
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seen that it is represented by the area of the shaded strip. In 
this way the total extension 4, can be divided into very small 
extensions and the work done during each of these small 
extensions would be given by the area of the strips (Fig. 17.5). 
So the total work done in producing the extension i is the sum 
area of all these strips which is equal to area between the 
graph and the axis on which extension has been plotted upto 
l Inthis case it equals to area ofthe triangle OAB. 


Work done Area of AOA 


This is the amount of energy stored in the wire. Itis the gain in 
the potential energy of the molecules due to their 
displacement from their mean positions. Eq.17.9 gives the 
energy injoules when f is in newton and i in metres. 


Eq.17.9 can also be expressed in terms of modulus of 
elasticity E. If A is the area of cross-section of the wire and L 
its total length then 


AL 
BT 
cir iar 
EA 

L 


‘Substituting the value of F, in Eq.17.9 we have 


or F, 


The area method is quite a general one. For example if the 
extension is increased from 4, to 4, the amount of work done 
by the stretching force would be given by the area of the 
trapezium ABCD (Fig. 17.5). It is also valid for both the linear 


(elastic) and the non-linear (non-elastic) parts of the force- 
graph. If the extension occurs from O to G 
this work done would be the area of OHG. 


The fundamental electrical property of a solid is its response 
to an applied electric field, i.e., its ability to conduct electric 
current. The electrical behaviours of various materials are 
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diverse. Some are very good conductors, e. 
conductivities of the order of 10” (m) At ine other extreme, 
some solids, e.g., wood, diamond etc., have very low 
conductivities ranging between 10” and 10? (Qm)", 
are called insulators. Solids with intermediate conducti 
generally from 10° to 10*(Qm)", are termed semiconductors, 
e.g., silicon, germanium etc. The conventional free electron 
theory based on Bohr model of electron distribution in an 
atom failed to explain completely the vast diversity in the 
electrical behaviour of these three types of materials. 


On the other hand, energy band theory based on wave 
mechanical model has been found successful in resolving 
the problem. 


Ene Band Theory 


Electrons of an isolated atom are bound to the nucleus, and 
can only have distinct energy levels. However, when a large 
number of atoms, say N, are brought close to one another to 
forma solid, each energy level of the isolated atom splits into 
N sub-levels, called states, under the action of the forces 
exerted by other atoms in the solid. These permissible 
energy states are discrete but so closely spaced that they 
appear to form a continuous energy band. In between two 
consecutive permissible energy bands, there is a range of 
energy states which cannot be occupied by electrons. These 
are called forbidden energy states, and its range is termed as 
forbidden energy gap. 


The electrons in the outermost shell of an atom are called 
valence electrons and the energy band occupying these 
electrons is known as valence band. It is obviously the 
highest occupied band. It may be either completely filled or 
partially filed with electrons and can never be empty. The 
band above the valence band is called conduction band. In 
conduction band, electrons move freely and conduct electric 
current through solids. That is why the electrons occupying 
this band are known as conductive electrons or free 
electrons. Any electron leaving the valence band is 
‘accommodated by this band. It may be either empty or 
partially filled with electrons. The bands below the valence 
band are normally completely filled and as such play no part 
in the conduction process. Thus, while discussing the 
electrical conductivity we will consider only the valence and 
conduction bands. 
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eas are those materials in which 
val s are bound very tightly to their atoms and 
are not free. In terms of energy bands, it means that an 
insulator, as shown in Fig.17.6 has 


an empty conduction band (no free electrons) 
b)  afullvalence band 
€) alarge energy gap (several eV) between them 


Conductors are those which have plenty of 

electrical conduction. In terms of energy 

bands, conductors are those materials in which valence and 

conduction bands largely overlap each other (Fig.17.7). 

There is no physical distinction between the two bands which 
ensures the availability of a large number of free electrons. 

ia terms of energy bands, 


semiconductors are those materials which at room 
end” temperature have 


| Valence (ii) a very narrow forbidden energy gap (of the order of 1 eV) 
Bard between the conduction and valence bands (Fig.17.8). 
mir At 0 K, there are no electrons in the conduction band and 


(i) partially filled conduction band (ii) partially filled valence band 


their valence band are completely filled. It means at 0 K, a 
piece of Ge or Si is a perfect insulator. However, with 
increase in temperature, some electrons posses sufficient 
energy to jump across the small energy gap from valence to 
conduction band. This transfers some free electrons in the 


in the valence band. The vacancy of electron in the valence 
band is known as a hole. It behaves like a positive charge. 
Thus at room temperature, Ge or Si crystal becomes a 


‘semiconductor. 


= conduction bands and creates some vacancies of electrons 


‘A semi-conductor in its extremely pure form is known as 
intrinsic semi-conductor. The electrical behaviour of 
semiconductor is extremely sensitive to the purity of the 
material. It is substantially changed on introducing a small 
amount of impurity into the pure semi-conductor lattice. The 
process is called doping, in which a small number of atoms of 
Some other stable elements are added as impuriy in the 
Tatio of 1 to 10°. The doped semi-conducting materials are 
called extrinsic semi-conductors. 


Pure element of silicon and germanium are intrinsic 
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semi-conductors. These semi-conductor elements have 
atoms with four valence electrons. In solid crystalline form, 
the atoms of these elements arrange themselves in such a 
pattern that each atom has four equidistant neighbours. 
Fig.17.9 shows this pattern along with its valence electrons. 
Each atom with is four valence electrons, shares an electron 
from its neighbours. This effectively allocates eight electrons 
in the outermost shell of each atom which is a stable state. 
This sharing of electrons between two atoms creates 
covalent bonds. Due to these covalent bonds electrons are 
bound in their respective shells. 


When a silicon crystal is doped with a pentavalent element, 
e.g., arsenic, antimony or phosphorous etc., four valence 
electrons of the impurity atom form covalent bond with the 
four neighbouring Si atoms, while the fifth valence electron 
provides a free electron in the crystal. Such a doped or 
extrinsic semi-conductor is called n-type semi-conductor. 
Fig. 17.10(a) illustrates silicon crystal lattice doped with a 
pentavalent impurity such as phosphorous. The 
phosphorous atom is called a donor atom because it readily 
donates a free electron, which is thermally excited into the 
conduction band. 


On the other hand, when a silicon crystal is doped with a 
trivalent element, o. g. aluminium, boron, gallium or indium 
etc., three valence electrons of the impurity atom form 
covalent bond with the three neighbouring Si atoms, while 
the one missing electron in the covalent bond with the fourth 
neighbouring Si atom, is called a hole which in factis vacancy 
where an electron can be accommodated. Such a semi- 
conductor is called p-type semi-conductor. Fig. 17.10 (b) 
illustrates silicon crystal lattice doped with aluminium. The 
aluminium atom is called an acceptor atom because itis easy 
for the aluminium ion core to accepta valence electron from a 
nearby silicon atom, thus creating a hole in the valence bond. 


shown in Fig. 17.11. The circles represent the positiveion 
cores of Si or Ge atoms, and the blue dots are valence 
electrons. These electrons are bound by covalent bond. 
However, at room temperature they have thermal kinetic 
motion which, in case of some electrons, is so vigorous that 
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the covalent bond is unable to keep them bound. In such 
cases the electrons break the covalent bond and get 
themselves free leaving a vacant seat for an electron, i.e., a 
hole. Thus whenever a covalent bond is broken, an electron- 
hole pair is created. Both the electrons and the holes move in 
the semi-conductor crystal lattice as explained below. 


Consider a row of Si atoms in crystal lattice. Suppose a hole 
is present in the valence shell of atom A. As hole is a 
deficiency of electron, so the core of atom A would have a net 
positive charge (Fig.17.12 a). This attracts an electron from a 
neighbouring atom say B. Thus the electron moves from B to 
Aand the hole (e charge) shifts to B (Fig. 17.12 a,b). Now 
an electron is attracted from C to B and a hole is created at C 
(Fig. 17.12 b,c) and positive charge appears at C. This 
process is repeated between the atoms C and D with the 
result that the electron moves from D to C and the hole 
(*ve charge) appears at D (Fig. 17.12 c,d) . Thus we notice 
that if a hole is present in any valence shell, it cannot stay 
there but it moves from one atom to other with the electron 
moving in opposite direction. Secondly we notice that the 
appearance of hole is accompanied by a positive charge. 
Thus a moving hole is equivalent to a moving positive charge. 
rA this example we have considered a special case in which 
the electron and the hole are moving in a straight line. 
Actually their motion is random because positively charged 
core of the atom can attract an electron from any of its 
neighbouring atoms. 
Thus, in semi-conductors there are two kinds of charge 
carriers; a free electron (- e) and a hole (+ e). 
When a battery is connected to a semi-conductor, it 
establishes an electric field across it due to which a directed 
flow of electrons and holes takes place. The electrons drift 
towards the positive end, whereas the holes drift towards the 
negative end of the semi-conductor (Fig.17.13). The current / 
flowing through the semi-conductor is carried by both 
electrons and holes. It may be noted that the electronic current. 
and the hole current add up together to give the current /. 


There are some materials whose resistivity becomes zero 
below a certain temperature I. called critical temperature as 
shown in resistivity-temperature graph in Fig. 17.14. Below 


dis temperature, such materials are called superconductors. 
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They offerno resistance to electric current and are, therefore, 
perfect conductors. Once the resistance of a material drops 
to zero, no energy is dissipated and the current, once 


established, continues to exist indefinitely without the source Super conductors are alloys that, at 
certain temperatures, conduct 
electricity with no resistance. 


ofanemf. 


The first superconductor was discovered in 1911 by 
Kmaerlingh Ornes when it was observed that electrical 
resistance of mercury disappears suddenly as the 
temperature is reduced below 4.2 K. Some other metals such 
as aluminium (T.=1.18 K), tin (T. 7 3.72 K), and lead (T.=7.2K) 
also become superconductors at very low temperatures. In 
1986 a new class of ceramic materials was discovered that 
becomes superconductor at temperatures as high as 125 K. 
Any superconductor with a critical temperature above 77 K, 
the boiling point of liquid nitrogen, is referred as a high 
temperature superconductor. 


Recently a complex crystalline structure known as 
Yttrium barium copper oxide (YBa,Cu,. O,) have been 
reported to become superconductor at 163 K or -110 °C by 
Prof. Yao Lian's Lee at Cambridge University. Perhaps one 
day even room temperature superconductor will be 
developed and that day will be a new revolution in electrical Stanning computar processing 
technologies. Superconductors have many technological produces the image identifying 
applications such as in magnetic resonance imaging (MRI), "mors and innamed issues. 
magnetic levitation trains, powerful but small electric motors 

and faster computer chips. 


From the study of the magnetic fields produced by bar 
magnets and moving charges, i.e., currents, it is possible to 
trace the origin of the magnetic properties of the material. Itis 
observed that the field of a long bar magnet is like the field 
produced by a long solenoid carrying current and the field of 
a short bar magnet resembles that of a single loop 
(Fig.17.15). This similarity between the fields produced by 
Magnets and currents urges an enquiring mind to think that 
all magnetic effects may be due to circulating currents (is. 
moving charges); a view first held by Ampere. The idea was 
not considered very favourably in Ampere s time because the 
structure of atom was not known at that time. Taking into 
consideration, the internal structure of atom, discovered 
thereafter, the Ampere's view appears to be basically correct. 


The magnetism produced by electrons within an atom can Fig 17.15 
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Magnet fied of a current loop. 
Fig. 17.15 


arise from two motions. First, each electron orbiting the 
nucleus behaves like an atomic sized loop of current that 
generates a small magnetic field; this situation is similar to the 
field created by the current loop in Fig.17.15 (d). Secondly 
each electron possesses a spin that also gives rise to a 
magnetic field. The net magnetic field created by the 
electrons within an atom is due to the combined field created 
by their orbital and spin motions. Since there are a number of 
electrons in an atom, their currents or spins may be so 
oriented or aligned as to cancel the magnetic effects mutually 
orstrengthen the effects of each other. An atom in which there 
is a resultant magnetic field, behaves like a tiny magnet and is 
called a magnetic dipole. The magnetic fields of the atoms are 
responsible for. the magnetic behaviour of the substance 
made up of these atoms. Magnetism is, therefore, due to the 
spin and orbital motion of the electrons surrounding the 
nucleus and is thus a property of all substances. It may be 
mentioned that the charged nucleus itself spins giving rise to 
a magnetic field. However, it is much weaker than that of the 
orbital electrons. Thus the source of magnetism of an atom is 
the electrons. Accepting this view of magnetism it is 
concluded that it is impossible to obtain an isolated north 
pole. The north-pole is merely one side of a current loop. The 
other side will always be present as a south pole and these 
cannot be separated. This is an experimental reality. 


Two cases arise which have to be distinguished. In the first 
case, the orbits and the spin axes of the electrons in an atom 
are so oriented that their fields support each other and the 
atom behaves like a tiny magnet. Substances with such 
atoms are called paramagnetic substances. In second type 
of atoms there is no resultant field as the magnetic fields 
produced by both orbital and spin motions of the electrons 
might add upto zero. These are called diamagnetic 
substances, for example the atoms of water, copper, bismuth 
and antimony. 


However, there are some solid substances e.g., Fe, Co, Ni, 
Chromium dioxide, and Alnico (an iron aluminium - nickel 
- cobalt alloy) in which the atoms co-operate with each other 
in such a way so as to exhibit a strong magnetic effect. They 
are called ferromagnetic substances. Ferromagnetic 
materials are of great interest for electrical engineers. 


Recent studies of ferromagnetism have shown that there 
exists in ferromagnetic substance small regions called 
‘domains’. The domains are of macroscopic size of the order 
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of millimetres or less but large enough to contain 10" to 10* 
atoms. Within each domain the magnetic fields of all the 
spinning electrons are parallel to one another i.e., each 
domain is magnetized to saturation. Each domain behaves as 
a small magnet with its own north and south poles. In 
unmagnetised iron the domains are oriented in a disorderly 
fashion (Fig.17.16), so that the net magnetic effect of a 
sizeable specimen is zero. When the specimen is placed in 
an external magnetic field as that of a solenoid, the domains 
line up parallel to lines of external magnetic field and the 
entire specimen becomes saturated (Fig.17.17). The 
combination of a solenoid and a specimen of iron inside it thus. 
makes a powerful magnet and is called an electromagnet. 


iron is a soft magnetic material. Its domains are easily 
oriented on applying an external field and also readily return 
to random positions when the field is removed, This is 
desirable in an electromagnet and also in transformers. 
Domains in steel, on the other hand, are not so easily 
oriented to order. They require very strong external fields, but 
once oriented, retain the alignment. Thus steel makes a good 
permanent magnet and is known as hard magnetic material 
and another such material is a special alloy Alnico V. 


Finally, it must be mentioned that thermal vibrations tend to 
disturb the orderliness of the domains, Ferromagnetic 
materials preserve the orderliness at ordinary temperatures. 
When heated, they begin to lose their orderliness due to the 
increased thermal motion. This process begins to occur at a 
particular temperature (different for different materials) called 
Curie temperature. Above the Curie temperature iron is 
paramagnetic but not ferromagnetic. The Curie temperature 
for iron is about 750°C. 


To investigate a ferromagnetic material, a bar of that material 
such as iron is placed in an alternating current solenoid. When 
the altemating current is at its positive peak value, it fully 
magnetises the specimen in one direction and when the current "T 
is at its negative peak, it fully magnetises itin opposite direction. 
Thus as the alternating current changes from its positive peak 
value to its negative peak value and then back to its positive 
peek value, the specimen undergoes a complete cycle of 
Magnetization. The flux density versus the magnetization 
current of the specimen for the various values of 

current of the solenoid is plotted by a CRO (Fig.17.18). "ems 
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Its main features are as follows: 


The portion of OA of the curve is obtained when the 
magnetizing current / s increased and AR is the portion when 
the currentis decreased. It may be noted that the value of flux 
density for any value of current is always greater when the 
current is decreasing than when it is increasing, i.e 
magnetism lags behind the magnetizing current. 
phenomenon is known as hysteresis. 


The magnetic flux density increases from zero and reaches a 
maximum value. At this stage the material is said to be 
magnetically saturated. 


Remanence or Retantivity 


When the currentis reduced to zero, the material still remains 
strongly magnetized represented by point R on the curve. Itis 
due to the tendency of domains to stay partly in line, once 
they have been aligned. 


To demagnetize the material, the magnetizing current is 
reversed and increased to reduce the magnetization to zero. 
This is known as coercive current represented by C on the 
curve. The coercivity of steel (Fig. 17.19 a), is more than that 
of iron as more currentis needed to demagnetize it. Once the 
material is magnetized, its magnetization curve never 
passes through the origin. Instead, it forms the closed loop 
ACDCA, which is called hysteresis loop. 


Area of the Loop 


The area of the loop is a measure of the energy needed to 
magnetize and demagnetize the specimen during each cycle 
of the magnetizing current. This is the energy required to do 
work against internal friction of the domains. This work, like 
all work that is done against friction, is dissipated as heat. It is 
called hysteresis loss. 

Hard magnetic materials like steel can not be easily 
magnetized or demagnetized, so they have large loop area 
as compared to soft magnetic material such as iron which 
can easily be magnetized. The energy dissipated per cycle, 
thus, for iron is less than for steel. 
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Poet 
(b) Hysteresis loop of soft iron 
OR = Retentivity 
OC = Coercivity 
Fig. 17.19 


Suitability of magnetic materials for different purposes can be 
studied by taking the specimen through a complete cycle and 
drawing the hysteresis loop. A material with high retentivity 
and large coercive force would be most suitable to make a 
permanent magnet. The cores of electromagnets used for 
alternating currents where the specimen repeatedly 
undergoes magnetization and demagnetization should have 
narrow hysteresis curves of small area to minimize the waste 


ofenergy. 


e Crystalline solids are those in which there is a regular arrangement of molecules. 
The neighbours of every molecule are arranged in a regular pattern that is constant 
through out the crystal. Thus, there is an ordered structure in crystalline solids. 


„ Inamorphous solids there is no regular arrangement of molecules. These are more 
like liquids with the disordered structure| 


. V 
intermediate between order and disorder. These can be classified as partially or 
poorly crystalline solids. 


LI A crystalline solid consists of three dimensional pattern that repeats itself over and 
over again. This basic structure is called unit cell. 


Li The force applied on unit area to produce any change in the shape, volume or length 
ofa bodyiscalled stress. 

. When a long wire of length with area of cross section A is being pulled by a force F, 
which results in an increase in length AZ, the stress is called tensile deformation. 

. When a small cylinder is subjected to a force F along the inward drawn normal to its 
araa of cross section’ fo raduoa Is ona the tees is cald compresse stress 
and deformation produced by itis called compressive deform: 

. If a force F is applied togene 1 ha Mene of the opposta eee 

ro deform or twist it through an angle 8, the stress is termed as shear: 

. Suan isa oase ono matte in snes ie nt 

of deformation in one is defined as the fractional change in 
Lerch per untlengh. M strain e itis called tensile strain and if it. 
is produced as a result of compressive stress, itis termed as compressive strain. 


. The ratio of stress to strain is a constant for a given material, provided the external 
applied force is not too great. This is called modulus of elasticity. 


Axe strain energy can be obtained by the area of the foros. extension graph. 
©The electrical behaviour of semi-conductor is substantially changed on introducing 
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17.9 


a small amount of impurity into the pure semi-conductor lattice. The process is called 
doping in which a small number of atoms of some other suitable elements are added 
as impurity. The doped semi-conducting materials are called extrinsic. 

When asilicon crystal is doped with a pentavalent element, four valence electrons of 
the impurity atom form covalent bond with the neighbouring Si atoms, while the fifth 
valence electron provides a free electron in the crystal. Such a doped or extrinsic 
semi-conductoris called n-type semi-conductor. 


There are some materials whose resistivity becomes zero below a certain 
temperature T., called critical temperature. Below this temperature, such materials 
are called superconductors. 


‘Substances in which the orbits and the spin axes of the electrons in an atom are so 
oriented that their magnetic fields support each other and the atom behaves like a 
tiny magnet are called paramagnetic substances. 


The substances in which magnetic fields produced by orbital and spin molecules of 
the electrons add up to zero are called diamagnetic substances. 


Substances in which the atoms co-operate with each other in such a way so as 
to exhibit a strong magnetic effect are called ferromagnetic, 


Distinguish between crystalline, amorphous and polymeric solids. 
Define stress and strain. What are their SI units? Differentiate between tensile, 
compressive and shear modes of stress and strain. 

Define modulus of elasticity. Show that the unis of modulus of elasticity and stress 


are the same. Also discuss its three kinds. 
Draw a stress-strain curve for a ductile material, and then define the terms: Elastic 
limit, Yield pointand Ultimate tensile stress. 

What meant by strain energy? How can it be determined from the force-extension 
grap! 

Describe the formation of energy bands in solids. Explain the difference amongst 
electrical behaviour of conductors, insulators and semi-conductors in terms of 
energy band theory. 

Distinguish between intrinsic and extrinsic semi-conductors. How would you obtain 
n-type and p-type material from pure silicon? Illustrate it by schematic diagram. 
Discuss the mechanism of electrical conduction by holes and electrons in a pure 
semi-conductor element. 


Write a note on superconductors. 


17.10 Whatismeantby para, dia and ferromagnetic substances? Give examples for each. 
17.31 Whatis meant by hysteresis loss? How is it used in the construction ofa transformer? 


152 


174 


17.2 


173 


174 


17.6 


‘1.25 cm diameter cylinder is subjected to a load of 2500 kg. Calculate the stress on 
the bar in mega pascals. (Ans:200MPa) 
A 1.0 m long copper wire is subjected to stretching force and its length increases by 
20 cm. Calculate the tensile strain and the percent elongation which the wire 
undergoes. (Ans: 0.20, 20%) 


Awire 2.5 m long and cross-section area 10* mis stretched 1.5 mm by a force of 
100 N in the elastic region. Calculate (i) the strain (ii) Young's modulus 
(iii) the energy stored in the wire. (Ans: 6.02x 10°, 1.66 x 10 P, 7.5x 10*J) 


What stress would cause a wire to increase in length by 0.01% if the Young's 
modulus of the wire is 12 x 10" Pa. What force would produce this stress if the 
diameter of the wire is 0.56 mm? (Ans: 1.2x 10" Pa, 2.96 N) 


The length of a steel wire is 1.0 m and its cross-sectional area is 0.03 x 10*m'. 
Calculate the work done in stretching the wire when a force of 100 Nis applied within 
the elastic region. Young's modulus of steelis3.0x10"Nm*, ^ (ans: 5.6 100) 


A cylindrical copper wire and a cylindrical steel wire each of length 1.5 m and 
diameter 2.0 mm are joined at one end to form a composite wire 3.0 m long. The wire 
is loaded until its length becomes 3.003 m. Calculate the strain in copper and steel 
wires and the force applied to the wire. (Young's modulus of copper is 1.2 x 10" Pa 
and for steel is 2.0 x 10" Pa). (Ans: 1.25x 10”, 7.5x 10%, 477 N) 
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Chapter 18 
EE 


Learning Objectives 
Atthe end of this chapter the students will be able to: 


Describe forward and reserve biasing of a p-n junction. 

Understand half and full wave rectification. 

Know the uses of ight emitting diode, photo diode and photo voltaic cell. 
Describe the operation of transistor. 

Know current equation and solve related problems. 

Understand the use of transistors as an amplifier and a switch. 

Understand operational amplifier and its characteristics. 

Know the applications of an operational amplifier as inverting and non-inverting 
amplifier using virtual ground concept. 

Understand the use of an operational amplifier as a comparator e.g., night switch. 
Understand the function of each of the following logic gates: AND, NOT, OR and 
NAND gatea ard represent tne fn by maar of bur tablas umied toa 


11. Describe howto combine different gates to form XOR and XNOR gates. 
12. Understand combinations of logic gates to perform control functions. 


20 Se = 
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N he huge advances in electronics over the recent past are due to discovery and use of 
semiconductors. Silicon is one of the most commonly used semi-conductors, and is the 
basic material from which highly sophisticated. integrated circuits known as ‘chips’ are 
made. The use of chips in analogue as well as in digital electronics is described in the form of 
the black boxes. This chapter is based on the preliminary concepts introduced in the 
Secondary school physics course. 


Ap-n junction is formed when a crystal of germanium or silicon is grown in such a way that its 
one halfis doped with a trivalent impurity and the other half with a pentavalent impurity. One 
of the most important building blocks of electronic devices is the p-n junction. Its n-region 
contains free electrons as majority charge carriers and p-region contains holes as majority 
charge carriers. Just after the formation of the junction, the free electrons in the n-region, 
because of their random motion, diffuse into the p-region. As a result of this diffusion, a 
région is formed around the junction in which charge carriers are not present. This region is 
known as depletion region (Fig. 18.1 a). In this figure, blue dots represent the free electrons 
and the small circles show the holes whereas the circles with + and - signs show the 
positive and negative ions which constitute the depletion region. Due to charge on 
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these ions a potential difference develops across the 
depletion region (Fig.18.1 b). Its value is 0.7 V in case of 
silicon and 0.3 V in case of germanium. This potential 
difference, called potential barrier, stops further diffusion of 
electrons into the p-region 


When an external potential difference is applied across a p-n 
junction such that p-side is positive and n-side is negative, 
then this external potential difference supplies energy to free 
electrons in the n-region and to holes in 
p-region. When this energy is sufficient to overcome the 
potential barrier, a current of the order of a few miliamperes 
begins to flow across the p-n junction. In this state the p-n 
junction is said to be forward biased (Fig, 18.2 a). The 
Variation of current through the junction with the bias voltage 
can be studied by the circuit shown in Fig. 18.2 (b). The value 
of current for different values of bias voltage is noted and a 
current-bias voltage graph is plotted. Fig. 18.3 shows the 
graph fora typical low power silicon diode, 


As shown in Fig.18.3, if forward bias voltage is increased by 
AV, the current increases by A,. The ratio AV,/A/,is known as. 
forward resistance of the p-n junction, i.e. 


" i ni 3 
It is the resistance offered by the p-n junction when it is 
conducting. The value of r,is only a few ohms. 


When the external source of voltage is applied across a 
p-n junction such that its positive terminal is connected to n- 
region and its negative terminal to p-region, the p-n junction 
is said to be reverse biased (Fig. 18.4). In this situation no 
current flows due to the majority charge carries. However a 
very small current, of the order of few microamperes flows 
across the junction due to flow of minority charge carriers 
Fig.18.4). It is known as reverse current or leakage current. 
The variation of reverse current with the applied bias voltage 
can be studied by the circuit shown in Fig.18.5. Fig.18.6 
shows the reverse characteristic for the p-n junction. ILcan be 
seen that as the reverse voltage is increased from 0, the 
reverse current quickly rises to its saturation value /.. As the 
reverse voltage is further increased, the reverse current 
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remains almost constant. Here the resistance offered by the 
diode is very high -ofthe orderof several mega ohms. 


As the reverse voltage is increased, the kinetic energy of the 
minority charge carriers with which they cross the depletion 
region also increases till it is sufficient to break a covalent 
bond. As the covalent bond breaks, more electron-hole pairs 
are created. Thus, minority charge carriers begin to multiply 
due to which the reverse current begin to increase til a point is 
reached when the junction breaks down and reverse current 
rises sharply (Fig.18.6). After breakdown the reverse current 
will rise to very high value which will damage the junction. 


P-n junction is also known as a semi-conductor diode whose 
symbolic representation is given in Fig. 18.7. The arrow head 
represents the p - region and is known as anode. The vertical 
line represents the n-region and is known as cathode. The 
current flows in the direction of arrow when the diode is 
forward biased. 


Conversion of alternating current into direct current is called 
-. rectification. Semi-conductor diodes are extensively used for 
7, _ this purpose. There are two very common types of rectification. 


ne (i) Half-wave rectification and . Full-wave rectification 
50 WA 


A half-wave rectification is shown in Fig. 18.8 where an 
alternating voltage of period T called input voltage is applied 
to a diode D which is connected in series with a load 
resistance R. In this method only one half of alternating 
current cycleis converted into direct current. 


Lr Ow» Dung the positive half cycle of the input alternating voltage i.e., 
RA dung the interval 0 — 772, the diode D is forward biased, so it 
offers a very low resistance and current flows through R. The 
flow of current through R causes a potential drop across it which 
varies in accordance with the altemating input (Fig. 18.8 c). 


potential drop across it is almost zero (Fig. 18.8 c). The same 
events repeat during the next cycle and so on. The current 
through R flows in only one direction which means it is a direct 
current. However, this current flows in pulses (Fig. 18.8 c). The 
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voltage which appears across load resistance Ris known as 
output voltage. 


We have seen that in a half-wave rectification, only one half of — T 

the alternating input voltage is used to send a unidirectional 

current through a resistance. However both halves of the input d 
voltage cycle can be utilized using 

full-wave rectification. Its circuit consists of four diodes | 


connected in a bridge type arrangement (Fig.8.9). To 
understand the operation of the circuit, recall that a diode 
conducts only when it is forward biased. During the positive 

half cycle, le. during the time 0. T/2, the terminal A of e . 
bridge is positive with respect to its other terminal B. Now the 
diodes D, and O, become forward biased and conduct. A 
current flows through the circuit in the direction shown by 
arrows in Fig. 18.9 (a). During the negative half cycle, i.e. 
during the time interval T/2 — T, terminal Ais negative and Bis 
positive. Now the diodes D, and D, conduct and current flows 
through the circuit in the path shown by arrows in Fig. 18.9 (b). 
By comparing Figs. 18.9 (a) and 18.9 (b), it can be seen that 
direction of current flow through the load resistance R is the 
same in both the halves of the cycle. Thus both halves of the 
alternating input voltage send a unidirectional current through E 
R. The input and output voltages are shown in Fig. 18.10. 

However the output voltage is not smooth but pulsating. It can 

be made smooth by using a circuit known as filter. 


In addition to the use of semi-conductor diode as rectifier, 
many types of p-n junctions have been developed for special 
purposes. Three most commonly used such diodes are 

(i) ^ Lightemitting diode 

(i) ^ Photodiode 

(i) Photovoltaic cell 


JD 


Light emitting diodes (LED) are made from special Fie 1010 
semi-conductors such as gallium arsenide and gallium 
arsenide phosphide in which the potential barrier between p 
and n sides is such that when an electron combines with a 
hole during forward bias conduction, a photon of visible light 
is emitted. These diodes are commonly used as small light 
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sources. A specially formed array of seven LED's is used for 
displaying digits etc., in electronic appliances (Fig. 18.11). 


Photo diode is used for the detection of light. Itis operated in 
the reverse biased condition (Fig. 18.12 a). A photo diode 
symbol is shown in Fig. 18.12 (b). When no light is incident 


Im 
R — 
R 
[ [] 


Fig. 18:2 
on the junction, the reverse current / is almost negligible but 
when its p-n junction is exposed to light, the reverse current 
increases with the intensity of light (Fig.18.12 c). 


A photo diode can turn its current ON and OFF in 
nano-seconds. Hence it is one of the fastest photo detection 
devices. Applications of photo diode include 


i. Detection of both visible and invisible radiations 
ii, Automatic switching 

iii. Logiccircuits 

iv. Optical communication equipmentetc. 


Photo-Voltaic Cell 


It consists of a thick n-type region covered by a thin p-type 

r. When such a p-n junction having no external bias 
(Fig.18.13), is exposed to light, absorbed photons generate 
electron-hole pairs. It results into an increase je 
of minority charge carriers in both the p and n-regions and 
when they diffuse close to the junction, the electric field due 
to junction potential barrier sweeps them across the junction. 
It causes a current flow through the external circuit R. The 
currentis proportional to intensity of light. 
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A transistor consists of a single crystal of germanium or 


Silicon which is grown in such a way that it has three regions DE 
(Figs.18.14 & 18.15). 

In Fig.18.14 the central region is p type which is sandwiched 8 
between two n type regions. Itisknownasn-p-ntransistor.In E e © 
Fig.18.15, the n type central region is sandwiched between — === 

two p type regions. It forms a p-n-p transistor. The central Fig. 10:16 
region is known as base and the other two regions are called 

emitter and collector. Usually the base is very thin, of the 

order of 10° m. The emitter and collector have greater Hu 
concentration of impurity. The collector is comparatively 


larger than the emitter. The emitter has greater concentration 
of impurity as compared to the collector. E „ C 


It can be seen in Figs.18.14 and 18.15 that a transistor is a 
combination of two back to back p-n junctions: emitter-base 
junction and collector-base junction. 


For normal operation of the transistor, batteries Vs and Ves 
are connected in such a way that its emitter-base junction is 
forward biased and its collector base junction. is reverse 
biased. V... is of much higher value than Vi, Fig. 18.16 shows 
the biasing arrangement for n-p-n transistor when the 
transistor has been represented by its symbolic form. 
Fig. 18.17 shows the same for a p-n-p transistor. 


Fig. 18.15 


Fig. 18.17 


It may be noted that polarities of the biasing batteries V, and 
V. are opposite in the two types of the transistors. In actual 
practice, itis the n-p-n transistor that is generally used. So we 
will discuss n-p-n transistors only. 
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| 
Fig. 18.18 (a) shows a n-p-n transistor at the instant when the 
biasing voltage is applied. Electrons in the emitter, shown by 
black dots. have not yet entered the base region. After the | 
application of the biasing voltage, emitter base junction is 
forward biased, so emitter injects a large number of electrons 
in base region (Fig.18.18 b). These free electrons in the base 
can flow in either of two directions. They can either flow out of 
the base to the positive terminal of Vss or they can be 
attracted towards the collector because of battery V.... Since 
the base is extremely thin, very few electrons manage to 
recombine with holes and escape out of the base. Almost all 
of the free electrons injected from the emitter into the base 
are attracted by the collector due to the large positive 
potential V. (Fig. 18.18 c). Thus, in a normally biased 
transistor due to above mentioned flow of electrons, we can 
say, that an electronic current /,, flows from the emitter into 
the base. A very small part of it, current /,, flows out of the 
base, the rest of it / flows out of the collector (Fig, 18.19). 


Fig. 18.19 


The flow of conventional current is shown in Fig. 18.20. In 
future we will use conventional current only. From the figure, 
itcan be seen that 


5 I I scd (18.2) 
As very few electrons flow out of base, so /, is very small as 
R, compared to ls- 
Itis also found that for a given transistor the ratio of collector 
T current/, to base current /, is nearly constanti.e., 


Eo MEE EET — (18.3) 
The ratio B is called current gain of transistor. Its value is quite 
large - of the order of hundreds. Eqs.18.2 and 18.3 are 
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fundamental equations. SELLE 


In majority of electronic circuits, transistors are basically 
used as amplifiers. An amplifier is thus the building block of 
every complex electronic circuit. It is for this reason that study 
ot transistor amplifier is important. c 


The circuit in Fig. 18.21 is a transistor voltage amplifier. The 
battery Vs, forward biases the base-emitter junction and V. 
reverse biases the collector-base junction. Vse and Ves are 
the input and output voltages respectively. The base current | 
is 4, = Vr, where r, is base emitter resistance of e 
transistor. The transistor amplifies itf times. So aR 
1.=Bly=BV ye! 
The output voltage V, = Va is determined by applying KVL 
equation in the output loop which gives 
Ve- Re. Vee or Va Ver- I Re fen 
Substituting the value of I, and replacing Ves by V, 


Vs = Veo- B Ve Relr. 18.400 


When small signal voltage AV, is applied at the input 
terminal B, the input voltage changes from Vee to V. + AV, 
This cause itl change in base curent for 1, cA) | For Your information | | 
due to which the collector current changes from to (ls + 

As the collector current changes, the voltage drop across 

ie. (I R.) also changes due to which the output voltage 
V. changes by AV,. Substituting the changed values in 
Eq. 18.4(a) 


Vt AV, Ve- (Vae t AVe) Rolfo 184(b) 


Subtracting Eq. 18.4(a) from Eq. 18.4(b) 
AV,7-BAV,RJT, 
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Therefore the gain of the amplifier A = A VJA V.= B Rat. 
The value of the factor B R r, is of the order of hundreds, so 
^ the input voltage is amplified. The negative sign shows that 
~ there is a phase shift of 180° between the input and the 


Fig. 18.22 (a) shows the circuit in which a transistor is used as 
a switch. The collectors C and emitter E behave as the 
terminals of the switch. The circuit in which the currentis to be 
tuned OFF and ON, is connected across these terminals. 
^ The base B and emitter E act as control terminals which 
decide the state of the switch. 


In order to turn on the switch, a potential V, is applied 
between control terminals B-E (Fig. 18.22 a). This injects a 
large current / into the base circuit due to which a very heavy 
current I. begins to flow in the CE circuit. This large value of 
collector current is possible only when the resistance 
between C and E drops down to such a small value that the 
potential drop across CE is nearly 0.1 volt. In Fig. 18.22 (a) 
emitter is at ground, so we can assume that collector is also 
at ground and collector emitter circuit of Fig. 18.22 (a) can be 
drawn as shown in Fig. 18.22 (b). CE switch is closed and the 
bulb glows due to flow of large collector current. To turn the 
switch OFF the base current /, is set zero by opening the 
base circuit (Fig. 18.22 c). As J. = f J. so /, becomes zero 
and C-E circuit becomes open (Fig. 18.22 d). Now the 
resistance between C and E becomes nearly infinity which 
opens the CE switch. 


mh An electronic computer is basically a vast arrangement of 
electronic switches which are made from transistors. 


We As stated earlier, amplifier is an important electronic circuit 
thatis used in almost every electronic instrument. So instead 
of making amplifier circuit by discrete components, the whole 
amplifier is integrated on a small silicon chip and enclosed in 
a capsule. Pins connected with working terminals such as 
input, output and power supply project outside the capsule 

= (Fig.18.23 a). The enclosed circuit of the amplifier is used by 
ne making requisite connections with these pins. Such an 
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integrated amplifier is known as operational amplifier 
(op-amp), as it is some times used to perform mathemati 
operations electronically. 


The op-amp is usually represented by its symbol shown in 


thatis applied at the inverting (-) input, appears after: 

at the output terminal with a phase shift of 180° (Fig. 18.24 a). It 
can be seen that the signal is inverted as it appears at the output. 
This is why this terminal is known as inverting, If the signal is 
applied at non-inverting input (+), it is amplified at the output 
without any change of phase (Fig. 18.24 b). 


input — và — — 


00 00 
output output 
Fig. 18.24 


|| Characteristics of op-amp 


An op-amp has a large number of characteristic parameters. 


We will discuss. as three of them. 


It is the resistance between the (+) and () inputs of the 
amplifier (Fig. 18.25). Its value is very high — of the order of 
several mega ohms. Due to high value of the input resistance 
Rw practically no current flows between the two input 


terminals. tis a a a feature of op-amps. 


It is the resistance between the output terminal and ground 


T 18.26). Its value is only a few ohms. 


It is the ratio of output voltage V, to the voltage difference 
between non-inverting and inverting inputs when there is no 
external connection between the output and the inputs 


Fig. 1823 


Fio. 18.25 


Fig. 1826 


J 


.<--->0 


= 
. 


(Fig. 18.27)i.e., 3 
— — (185) 4 Fig. 
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fig. 1829 


The open loop gain of the amplifier is very high. It is of the 
order of 10°. 


Fig. 18.28 shows the circuit of an op-amp. when used as an 
inverting amplifier. The input signal V, which is to be 
amplified, is applied at inverting terminal (-) through a 
resistance R, V, is its output. The non-inverting terminal (+) 
is grounded, i.e., its potential is zero. We know that Aj. is 

v, very high, of the order of 10°. As V, may have any value 
between *V.. (*12V) and - (-12V) so according to 
Eq.18.5, for finite (£12V) value of V. V. - V. =O or V. = V. 
Since V. s at ground so V. is virtually at ground potential is. 
V.=0. Referring to Fig. 18.28, 


Current through 8.1. — 


Current through R = 
: 


As practically no current flows between (-) and (+) terminals, 
so according to Kirchhoffs current rule Leh 


[A 
or pee or — 
R R L.R 


E d 
As Vo! V, is defined as gain G ofthe inverting amplifier, so 
R 
guccr X •— Aiae 
5 (18.6) 


The negative sign indicates that the output signal is 180" out 
of phase with respect to input signal. It is interesting to note 
that the closed loop gain depends upon the two externally 
connected resistances R, and R,. The gain is independent of 
what is happening inside the amplifier. 


IfR, = 10 kQand R, = 100 kN, the gain of the amplifier is 


The circuit diagram of op-amp as non-inverting amplified is 
shown in Fig, 18.29. In this case the input signal V. is applied 
at the non-inverting terminal (+). As explained earlier, due to 
high open loop gain of amplifier, the inverting (-) and non 
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inverting (+) inputs are virtually at the same potential. Thatis, 
V V V 


Also, fromFig.18.29, 


Current. throughR, 


CurrentthroughR, 


R, R, 


re. A 
As practically no current flows between (-) and (+) terminals, 
sobyKirchhoffscurentrule .I. 


2M MEM, 
Hence RR 

1 R 
& x) 

R, R, R, 

N: AE 1 

x eae att: a ci 

gb . ien) m 


Again the gain of the amplifier is independent of the internal 
structure of the op-amp. It just depends upon the two externally 
connected resistances R, and R. The positive sign of gain 
indicates that the input and out put signals are in phase. 


Powa 
Vea nav 
ip. 
. 
Op-amp usually requires two power supplies of equal voltage EN Eet 
but of opposite polarity. Most op- amp operate with V... 2 12 V NU 
supply (Fig. 18.31). rens 
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As the open loop gain of the op-amp is very high (10°), even a 
very small potential difference between the inverting and non- 
inverting inputs is amplified to such a large extent that the 
amplifier gets saturated, i.e., its output either becomes equal 
to * V.. or-V.... This feature of op-amp is used to compare two 
voltages. Fig.18.32 shows the circuit of an op-amp used as 


„ 


comparator. V, is reference voltage which is connected with 
(+) terminal and Vis the voltage which is to be compared with 
Integrated cicut (C) chips are tne reference V. Itis connected with (-) terminal. 

manufactured on 


wen V Vor V>Vp, then V-Ver 
andif VV oF V<Vq then V. V 


Suppose itis required that when intensity of light falls below a 
certain level, the street light is automatically switched on. 
This can be accomplished by using op-amp as a comparator. 
In Fig.18.33 resistances R, and R, form a potential divider. 
The potential drop across R, provides the reference voltage 
V, to the (+) input of the op-amp. Thus 


v 


(188) 


es el 
Van Ree 


LDR is a light dependent resistance. The value of its 
resistance R, depends upon the intensity of light falling upon 
it. R and R, form another potential divider. The potential drop 
across R, is V Ven is given by 

EET. 
K +R, 
V'provides the voltage to (-) input of the op-amp. V'will not be 


(18.9) 


Voc 


Fig. 18.33 
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a constant voltage but it will vary with the intensity of light. 
During day time, when light is falling upon LDR, R, is small. 
According to Eg. 18.9. „ will be large such that 
V'» V,sothatV,- V... The output of the op is connected with 
a relay system which energizes only when V. * V...and then 
it turns on the street lights. Thus when V, S. Vis, the light will 
notbe switched ON. 

Asit gets darker, R, becomes larger and / decreases. When 
becomes just less than Vj. the output of op- mp switches 
to +V...which energizes the relay system and the street lights. 
aretumed ON. 


Adigital system deals with quantities or variables which have 
only two discrete values or states. Following are the 
examples of such quantities. 


(I) ^ Aswitchcan be either open or closed. 
(i) ^ The answer ofa question can be either yes or no. 
(ti) Acertain statement can be either true or false. 
% Abulb can be either off oron. 


Various designations are used to represent the two 
quantized states of such quantities. The most common of 
these are listed in Table 18.1. 


Mathematical manipulation of these quantities can be best 
carried if they are represented by binary digits 1 and 0. When 
we are dealing with voltages, designation No.2 is also a 
convenient representation. 


In describing functions of digital systems a closed switch will 
be shown as 1 and open switch will be shown as 0. Similarly, 
a lighted bulb will be described as 1 and an off bulb will be 
described as 0. 


Just as we require two basic mathematical operations, i. 
addition and subtraction for the mathematical manipulation 
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of ordinary quantities which can possess all continuous 
values, we require a special algebra, known as Boolean 
algebra for the manipulation of the quantities which have 
values 1 and 0, now designated as Boolean variables. 
Boolean algebra is based upon three basic operations 
namely (i) AND operation, (ii) OR operation and (iii) NOT 
operation. You have already read about these operations. 
Here we would study about logic gates which implement 
these operations. 


The electronic circuits which implement the various logic 
operations are known as logic gates. In these gates the high 
and low states, i.e., 1 and 0 states are simulated by certain 
voltage levels, ideally one particular voltage level represents 
a high (1) and another voltage level represents a low (0). In 
practical digital circuits, however a 1 or high can be any 
voltage between a specified minimum value and a specified 
maximum value. Likewise 0 or low can be any voltage 
between a specified minimum and a specified maximum. 
Fig. 18.34 shows the range 1 and 0 levels for a certain type of 
digital gates. Thus if voltage of 3.5 V is applied to a gate, it will 
accept it as high or 1. If a voltage of 0.5 V is applied, the gate 
will recognize itas 0 orlow. 


OR 


OR gate as symbolically represented in Fig.18.35, 
implements the logic of OR operation. It has two or more 
inputs and a single output X. The output has a value 1 when 
at least one of its inputs A and B is at 1. Thus X will be zero 
only when both the inputs are 0. Thus it implements the truth 
table of OR operation (Table 18.2). The mathematical 
notation for OR operation is. 


X=A+B 


The AND gate shown in Fig. 18.36 has two or more inputs 
anda single output. it is designed such that it implements the 
truth table of AND operation, i.e., its output X is 1 only when 
both of its inputs A and B are at 1 and for all other 
combinations of. the values of A and B, X is zero 
(Table 18.3). The mathematical notation for AND operation is 


X=A.B 
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It performs the operation of inversion or complementation. 
That is why it is also known as inverter. It changes a logic 
level to its opposite level, i.e., it changes 1 to 0 and 0 to 1. The 
symbolic representation of NOT gate is shown in Fig. 18.37. 
Whenever a bar is placed on any variable, it shows that the 
value of the variable has been inverted. For example 
Jo and 0= 1. The "bubble" (o) in Fig.18.37 indicates 
operation of inversion. Its truth table is given in Table 18.4. 
The mathematical notation for NOT operation is X 


In NOR gate the output of OR gate is inverted. Its symbol is 
shown in Fig.18.38 and its truth table is given in 
Table 18.5. The mathematical notation for NOR operation is 


X= A+B 


In NAND gate the output of an AND gate is inverted. Its 
symbol is shown in Fig. 18.39. The bubble in this figure 
shows that the output of AND gate is inverted. The truth table 
implemented by it is shown in Table 18.6. The mathematical 
notation for NAND operation is 

X=A.B 
Exclusive OR Gate(XOR) 


Consider a Boolean function X of two variables Aand B such 
that X=AB+AB 


The first term of the function X is obtained by ANDing the 

variable A with NOT of B. The second term is NOT of A 

ANDed with B. The function X is obtained by ORing these two 

terms. Itcan be constructed by combining AND, OR and NOT 

gates according tothe scheme shown in Fig. 18.40(a). The 
^ 
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value of this function can be obtained by drawing the truth 

S $ Z4. table (Table 18.7) which gives the value of X for all the values 

zaz 1—] ofthe variables A and B. The value of X is 0 when the two 
2 


1 


inputs have the same values and it is 1 when the inputs have 


different values. It can be verified that the circuit of 


Input A Output Fig. 18.40 (a)implements this truth table. The symbol of XOR 
E $ geteisshowninFig. 18.40(b). 
XOR gate 


Fig. 18.40 (b) 


NOR gate (XNOR 


The exclusive NOR gate is obtained by inverting the output 
ofa XOR gate. is symbol is shown in Fig. 18.41. The bubble 


[m ound Shown at the output in this figure shows that the output of 
oe) X XOR gate has been inverted. So its Boolean expression is 


XNOR gate 
Fig. 18.41 


given by =A 


The truth table of XNOR gate is given in the Table 18.8. Its 
output is 1 when its two inputs are identical and 0 when the 
two inputs are different. Like XOR gate, it is also constructed 
by a combination of NOT, AND and NOR gates by the 
Scheme shown in Fig.18.42. 


Gates are widely used in control systems. They control the 
function of the system by monitoring some physical 
parameter such as temperature, pressure or some other 
physical quantity of the system. As gates operate with 
electrical voltages only, so some devices are required which 
can convert various physical quantities into electric voltage. 
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These devices are known as sensors. For example, in the 
example of night switch, Light Doperdeni Resistance (LDR) 
is a sensor for light because it can convert 

intensity of light into electric voltage. pe aana e 
for temperature. A microphone is a sound sensor. Similarly 
there are level sensors which give an electrical signal when 
the level of liquid in a vessel attains a certain limit. One such 
application is described here. For example sensors are used 
to monitor the pressure and temperature of a chemical 
solution stored in a vat. The circuitry for each sensor is such 
thatit produces a HIGH, i.e., 1 when either the temperature or 
pressure exceeds a specified value. A circuit is to be 
designed which will ring an alarm when either the 
temperature or pressure or both cross the maximum 
el limit. The alarm requires a LOW(0) voltage for its 
activation, 


The block diagram of the problem is shown in Fig.18.43 in 
which C is the circuit to be designed. Its inputs A and B are fed 
by the temperature and pressure sensors T and P fitted into 
the vat. Whenever output of the circuit C is LOW, the alarm is 
activated, So the circuit C should be such that its output is O 
as soon as the limit for temperature or pressure is exceeded, 

ie. when A= 0, B t or whenA=1,B=OorwhenA=B=1. Ly 2 

The output of C should be HIGH when and 

pressure are within the specified limit, i.e., when A = B = O. al 

This gives the truth table 18.9 which the circuit C has to 

implement. It can be seen that it is the truth table of NOR 

gate. So the circuit C in Fig.18.43 should be a NOR gate as 

shown in Fig. 18.44. bu 
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18.1 


18.2 
18.3 


18.4 
18.5 


18.6 
18.7 
18.8 
18.9 


18.10 


18.11 


18.12 
0 


How does the motion of an electron in a n-type substance differ from the motion of 
holes in a p-type substance? 


Whatis the net charge on a n-type or a p-type substance? 
The anode of a diode is 0.2 V positive with respect to its cathode. Is it forward 
biased? 


Why charge carriers are not presentin the depletion region? 


What is the effect of forward and reverse biasing of a diode on the width of depletion 
region? 


Why ordinary silicon diodes do not emit light? 
Why a photo diode is operated in reverse biased state? 
Whyis the base currentin a transistor very small? 


What is the biasing requirement of the junctions of a transistor for its normal 
operation? Explain how these requirements are met in a common emitter amplifier? 


What is the principle of virtual ground? Apply it to find the gain of an inverting 
amplifier. 


The inputs of a gate are 1 and 0. Identify the gate if its output is (a) O. (b) 1 


Tick (^))thecorrectanswer 
Adiode characteristic curve is a plot between 
(a)  curentandüme (b)  voltageandtime 
(c) voltage and current (d) ^ forward voltage and reverse voltage 
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(i). 


(iii) 


(iv) 


v 


(vi) 


(vil) 


(vill) 


(ix) 


The colour of light emitted bya LED depends on 


(a) __itsforward bias (b) is tevetse bias 
(c)  theamountof (d) ^ thetypeofsemi-conductor 
forward current. material used. 


Ina half-wave rectifier the diode conducts during 
a. both halves of the input cycle 
b. aportionofthe positive half of the input cycle 
c. aportion of the negative halt of the input cycle 
d. One halfofthe input cycle 


Ina bridge rectifier of Fig. O. 18.1 when V is positive at 
point B with respect to point A. which diodes are ON. 


L3 de a 
a. ra b. fa c. T 
Truth table of logic function 


a. summarizes its output values. 

b.  tabulatesallits input conditions only 

c. display all is input/output possibilities 

d.  isnotbasedonlogicalgebra 
‘The output of a two inputs OR gate is 0 only when its 

a, dom inputs es b. eitherinputis 1 

c.  bolhinputsare! ^ d, eitherinputisO 
Atwoinputs NAND gate with inputs Aand B has an output O if 

à. Als b. BisO 

c. — bothAandBarezero d. bothAandBare 1 
‘The truth table shown below is for 


a. XNOR gate 
b.ORgate 

c. ANDgate. 
d. NAND gate 


18.4 
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PROBLEM 


The current flowing into the base ofa transistor is 100 
HA. Find its collector curent /., its emitter 
current /, and the ratio I lia ifthe value of current 
gain Bis 100. (Ans: 10 mA, 10.1 mA, 0.99) 


Fig.P.18.2 shows a transistor which operates a 
relay as the switch S is closed. The relay is 
energized by a current of 10 mA. Calculate the 
value R, which will just make the relay operate. The 
current gain B of the transistor is 200. When the 
transistor conducts, its Vse can be assumed to be 
0.6V. (Ans: 168kQ) 


In circuit (Fig.P.18.3), there is negligible potential 
drop between B and E. i. Bis 100. Calculate 
% ^ basecurrent 
(i) collector current 
(i) ^ potentialdropacross R, 
(V) Væ 
(Ans: 11.25 pA, 1.125 mA, 1.125 V, 7.875 V) 


E 


Calculate the output bf the op-amp circuit shown in 
Fig.P.184. (Ans:0) 2, 


Calculate the gain of non-inverting amplifier shown 
inFig.P.18.5. (Ans:5) 
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Learning Objectives 


Atthe end of this chapter the students will be able to: 


Distinguish between inertial and non-inertial frames of references. 
Describe the postulates of special theory of relativity and its results. 
Understand the NAVASTAR navigation system. 
Understand the concept of black body radiation. 


1 
2 
E 
4. 
5. — Understand and describe how energy is distributed over the wavelength range for 
several values of source temperature. 
6 
7 
8. 
9. 


E Know Planck's assumptions. 

^ Know the origin of quantum theory. 

. ‘Show an appreciation of the particle nature of electromagnetic radiation. 
3 Describe the phenomenon of photoelectric effect. 
10. Explain photoelectric effect in terms of photon energy and work function. 
11. Explain the function of photocell and describe its uses. 

12. Describe Compton's offect. 
13. Explain the phenomena of pair production and pair annihilation. 
14. Describe de-Broglie's hypothesis of wave nature of particles. 


15. Describe and Interpret qualitatively the evidence provided by electron diffraction for 
the wave nature of par 


16. (eb the Wena oec dad 
17. Unread secre ean ope 


remained unresolved. in the. 5 the atomic level with 
the inve olcassica phic weren Toluccessu Pe Phenomena such as black body radiation, 
the emission of spectral lines by atoms i n agas E Arp 


tube, and invariance of speed of Tight cook not be understood within the framework of 
classical physics. To es these observations a revolutionary fo of explanation 
e pee tin we F int features are 

nogen observations on objects. very fast, ay dp 
orig It, em well explained the special theory of rel. . Quantum has been able 
to explain the behaviour of netic radiation as discrete packets of energy and the 
particles on a very small scale are dominated by wave properties. 
Classical physics is still valid in ordinary 1 of parte — But to explain the 


behaviour REUS very fast moving particles, we to use the above mentioned 
theories. In this chapter, Wye shal lectins various kapocs ef ook ef rebate 200 quantum 
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theory. Before introducing special theory of relativity, some 
related terms are discussed briefly. 


When we say a ball is thrown up, the 'up' direction is only for 
that particular place. It will be ‘down’ position for a person on 
the diametrically opposite side of the globe. The concept of 
direction is purely relative. Similarly, the rest position or the 
motion of an object is not same for different observers. For 
example, the walls of the cabin of a moving train are 
stationary with respect to the passengers sitting inside it but 
are in motion to a person stationary on the ground. So we 
cannot say whether an object is absolutely at rest or 
absolutely in motion, All motions are relative to a person or 
instrument observing it. 


Let us perform an experiment in two cars moving with 
constant velocities in any direction. Suppose a ball is thrown 
straight up. It will come back straight down. This will happen in 
both cars. But if a person in one car observes the experiment 
done in the other car, will he observe the same? Suppose now 
one car is stationary. The person in the other car, which is 
‘moving with constant velocity, throws a ball straight up. He will 
receive the ball straight down. On the other hand, the fellow 
sitting in the stationary car observes that the path of the ball is 
a parabola. Thus, when experimenters observe what is going 
onin their own frame of reference, the same experiment gives 
identical observations. But if they look into other frames, they 
observe differently. 


We have discussed the most commonly used Cartesian 
coordinate system. In effect, a frame of reference is any 
coordinate system relative to which measurements are taken. 
The position of a table in a room can be located relative to the. 
walls of the room. The room is then the frame of reference. 
For measurements taken in the college laboratory, the 
laboratory is the reference frame. If the same experiment is 
performed in a moving train, the train becomes a frame of 
reference. The position of a spaceship can be described 
relative to the positions of the distant stars. A coordinate 
system based on these stars is then the frame of reference. 


An inertial frame of reference is defined as a coordinate 
system in which the law of inertia is valid. That is, a body at 
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rest remains at rest unless an unbalanced force produces 
acceleration in it. Other laws of nature also apply in such a 
system. If we place a body upon Earth it remains at rest 
unless an unbalanced force is applied upon it. This 
observation shows that Earth may be considered as an 
inertial frame of reference. A body placed in a car moving with 
a uniform velocity with respect to Earth also remains at rest, 
so that car is also an inertial frame of reference. Thus an 
frame of reference which is moving with uniform velocity 
relative to an inertial frame is also an inertial frame. 


When the moving car is suddenly stopped, the body placed in 
it, no longer remains at rest. So is the case when the car is 
suddenly accelerated. In such a situation, the car is not an 
inertial frame of reference. Thus an accelerated frame is a 
non-inertial frame of reference. Earth is rotating and 
revolving and hence strictly speaking, the Earth is not an 
inertial frame. But it can often be treated as an inertial frame 
without serious error because of very small acceleration. 


The theory of relativity is concerned with the way in which 
observers who are in a state of relative motion describe 
physical phenomena. The special theory of relativity treats 
problems involving inertial or non-accelerating frames of 
reference. There is another theory called general theory of 
relativity which treats problems involving frames of reference 
accelerating with respect to one another. The special theory 
of relativity is based upon two postulates, which can be 
stated as follows: 


1. The laws of physics are the same in all inertial frames. 


2. The speed of light in free space has the same value for all 
observers, regardless of their state of motion. 


The first postulate is the generalization of the fact that all 
physical laws are the same in frames of reference moving with 
uniform velocity with respect to one another. If the laws of 
physics were different for different observers in relative motion, 
the observer could determine from this difference that which of 
them were stationary in a space and which were moving. But 
such a distinction does not exist, so this postulate implies that 
there is no way to detect absolute uniform motion. The second 
postulate states an experimental fact that speed of light in free 
space is the universal constant ic (c = 3 x 10° ms”). These 
simple postulates have far-reaching consequences. These 
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include such phenomena as the slowing down of clocks and 
contraction of lengths in moving reference frames as 
measured by a stationary observer. Some interesting results 
of the special theory of relativity can be summarized as 
follows without going into their mathematical derivations. 


‘According to special theory of relativity, time is not absolute 
quantity. It depends upon the motion of the frame of 
reference. 


Suppose an observer is stationary in an inertial frame. He 
measures the time interval between two events in this frame. 
Let it be f. This is known as proper time. If the observer is 
moving with respect to frame of events with velocity vor ifthe 
frame of events is moving with respect to observer with a 
uniform velocity v, the time measured by the observer would 
not be l. butitwould be tgiven by 


z 
[1- is always less than one, so tis greater 


than t. le. time has dilated or stretched due to relative motion 
of the observer and the frame of reference of events. This 
astonishing result applies to all timing processes -- physical, 


chemical and biological. Even aging process of the human 
body is slowed by motion at very high speeds. 


The distance from Earth to a star measured by an observer in 
a moving spaceship would seem smaller than the distance 
measured by an observer on Earth. That is, if you are in 
motion relative to two points that are a fixed distance apart, 
the distance between the two points appears shorter than if 
you were at rest relative to them. This effect is known as 
length contraction. The length contraction happens only 
along the direction of motion. No such contraction would be 
observed perpendicular to the direction of motion. The length 
of an object or distance between two points measured by an 
observer who is relatively at rest is called proper length 40 If 
an object and an observer are in relative motion with speed v, 
then the contracted length & is given by 
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According to special theory of relativity, mass of an objectis a 
varyir 


The increase in mass indicates the increase in inertia the 
object has at high speeds. As v approaches c, it requires a 
larger and larger force to change the speed of the object. 

2 
As  vonio therefore (5 


z 0 


Thus mo 


An infinite mass would require an infinite force to accelerate 
it. Because infinite forces are not available, hence, an object 
cannot be accelerated to the speed of light o in free space. 


In our everyday life, we deal with extremely small speeds, 
compared to the speed of light. Even the Earth's orbital speed 
is only 30 kms”, On the other hand, the speed of light in free 
Space is 300,000 kms". This is the reason why Newton's laws 
are valid in everyday situations. However, when 
experimenting with atomic particles moving with velocities 
approaching speed of light, the relativistic effects are very 
Prominent, and experimental results cannot be explained 


Energy * Mass tion 

According to special theory of relativity, mass and energy are 
different entities but are interconvertible. The total energy S 
and mass m of an object are related by the expression 


where m depends on the speed of the object. At rest, the 
energy equivalent of an object's mass m, is called rest mass 
energy E. 
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[E HRS o7 ND 
As mc is greater than m,c’, the difference of energy 
(mc mc) is due to motion, as such it represents the kinetic 
energy of the mass. Hence : 
ede (nmt lies 
From equation 19.4 above, the change in mass m due to 
change in energy AE is given by 


Am 


2 


c 
Because c is a very large quantity, this implies that small 
changes in mass require very large changes in energy. In our 
everyday world, energy changes are too small to provide 
measurable mass changes. However, energy and mass 
changes in nuclear reactions are found to be exactly in 
accordance with the above mentioned equations. 


use even in fay life by a modern system of navigation 
satellites called NAVSTAR. The location and speed 


after an hour's flight can be predicted to about 50 m as 
compared to about 760 m determined by without using 
relativistic effects. 


Example 19.2: A bar 1.0 m in length and located along 
x-axis moves with a speed of 0.75 c with respect to a 
Stationary observer. What is the length of the bar as 
measured by the stationary observer? 


Solution: 
4-10m, v=0.75c, t=? 


Using 


z 
t=1.0mx een -10mx 41-75): =0.66m 


Example 19.3: Find the mass m of a moving object with 
speed 0.8 c. 


Solution: 

m, 
Using te 

1-55 = 
or Tie Por ee 

1-080) 1058) 
c 

or m-167m, 


When a body je heated, R omie radiation. The nebe of 
radiation depends upon the temperature. At low temperature, a 
5 
the invisible infrared region. At high temperature, the 

of shorter wavelength radiation increases. FN the 
amount of emitted radiation is different for different 
wavelengths. Itis of interest to see how the energy is distributed 
among different wavelengths at various temperatures. For 
example, when platinum wire is heated, it appears dull red at 
about 500°C, changes to cherry red at 900°C, becomes orange 
red at 1100°C, yellow at 1300°C and finally white at about 
1600°C. This shows that as the temperature is increased, the 
radiation becomes richer in shorter wavelengths. 


In order to understand the distribution of radiation emitted from 
a hot body, we consider a non-reflecting object such as a solid 


that has a hollow cavity within it. It has a small hole and the 
radiation can enter or escape only through this hole. The 
inside is blackened with soot to make it as good an absorber 
and as bad a reflector as possible. The small hole appears 
black because the radiation that enters is reflected from the 
inside walls many times and is partly absorbed at each 
reflection until none remains. Such a body is termed as black 
body and has the property to absorb all the radiation entering 
it A black body is both an ideal absorber (Fig. 19.1 a) and an 


Lummer and Pringsheim measured the intensity of emitted 

energy with wavelength radiated from a black body at 

(©) Emission of radiation different temperatures by the apparatus shown in Fig.19.2. 
Fig. 9: The amount of radiation emitted with different wavelengths is 

shown in the form of energy distribution curves for each 

temperature in the Fig.19.3. 

black body cavity 


These curves reveal the following interesting facts. 


1. At a given temperature, the energy is not uniformly 
distributed in the radiation spectrum of the body. 


2. At a given temperature T, the emitted energy has 
maximum value for a certain wavelength A., and the 


about 2.9 x 10° m K. This equation means that as T 
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increases, A. shifts to shorter wavelength. 


3. For all wavelengths, an increase in temperature causes 
Gn increase in energy emission. The radiation i 


particular i 
further increase in wavelength, the intensity decreases. 

4 The area under each curve represents the total energy 

(E) radiated per second per square metre over all 

wavelengths at a particular temperature. It is found that 

area is directly proportional to the fourth power of kelvin 

temperature T. Thus 


SESE ee eee) 
where c is called Stefer's constant. is value is 5.67 x 10* 


Wm*K* and the above relation is known as Stefen- 
Boltzmann law. 


Electromagnetic wave theory of radiation cannot explain the 
energy distribution along the intensity-wavelengths curves. 
The successful attempts to explain the shape of energy 
distribution curves gave rise to a new and 
non-classical view of electromagnetic radiation. In 1900, Max 
Planck founded a mathematical model resulting in an 
equation that describes the shape of observed curves 
exactly. He suggested that energy is radiated or absorbed in 
discrete packets, called quanta rather than as a continuous. 
wave. Each quantum is associated with radiation of a single 
frequency. The energy E of each quantum is proportional to 
its frequency f, and 


where h is Planck's constant. Its value is 6.63 x 10™ Js. This 
fundamental constant is as important in physics as the 
constant c, the speed of light in vacuum. 

‘Max Planck received the Nobel Prize in physics in 1918 for 
his discovery of energy quanta. 

The Pho! 
Planck suggested that as matter is not continuous but 


consists of a large number of tiny particles, so is the radiation 
energy from a source. He assumed that granular nature of 
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radiation from hot bodies was due to some property of the 
atoms producing it. Einstein extended his idea and 
postulated that packets or tiny bundles of energy are integral 
part of all electromagnetic radiation and that they could not 
be subdivided. These indivisible tiny bundles of energy he 
called photons. The beam of light with wavelength } consists 
of stream of photons travelling at speed c and carries energy 
hf. From the theory of relativity momentum p of the photon is 
related to energy as 


(1910) 
(19.11) 


The table 19.1 relates the quanta emit in dierent regions 

eic spectrum with energy. At the high end, 
eration with energy ~ 1 MeV is easily detected as quanta 
by a radiation detector and counter. At the other end, the 
energy of photon of radio waves is only about 10” eV. So 
millions of photons are needed to detect a signal and hence 
wave properties of radio waves predominate. The quanta are 


Table: 19.1 Electromagnetic spectrum 


EDC 
eem A 
Thus pc-hf or p... 


rue He 
gov 
E 
w 
0 
T w 
w 
[4 
w w 
w 
w 
w w 
w 
Lj 


50 close together in energy value that radio waves are 
detected as continuous radiation. 


The emission or absorption of energy in steps may be 
extended to include any system such as a mass oscillating on 
a spring. However, the energy steps are far too small to be 
detected and so any granular nature is invisible. Quantum 
effects are only important when observing atomic sized 
objects, where h is a significant factor in any detectable 
energy change. 


Example 19.4: Assuming you radiate as does a blackbody 
atyourbody temperature about 37 *C, at what wavelength do 
you emit the most energy? 


Solution: 
T =37°C=310K 
Wien’ s constant = 2.0 10? mK 
Ine =? 
Using me, «T = Constant 
29x10? mk 
e 


The radiation lies in the invisible infrared region and is 
Independent of skin colour. 


Example 19.5: What is the energy of a photon in a beam of 
infrared radiation of wavelength 1240 nm? 


Solution: 


79.3510 m=9.35 um 


= 1240nm E=? 
Using 8 He 


663» 107* Jsx3x10* ms“ 


4 s. 
1240x10* m nr 


Electromagnetic radiation or photons interact with matter in 
three distinct ways depending mainly on their energy. The 
three processes are 
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(i) Photoelectric effect 
(i) Compton effect 
(ii) Pair production 


The emission of electrons from a metal surface when 
exposed to light of suitable frequency is called the 
photoelectric effect. The emitted electrons are known as 
photoelectrons. 


The photoelectric effect is demonstrated by the apparatus 
shown in Fig. 19.4. An evacuated glass tube X contains two 
electrodes. The electrode A connected to the positive 
terminal of the battery is known as anode. The electrode C 
connected to negative terminal is known as cathode. When 
monochromatic light is allowed to shine on cathode, it begins 
to emit electrons. These photoelectrons are attracted by the 
. Positive anode and the resulting current is measured by an 
ammeter. The current stops when light is cut off, which 
proves, that the current flows because of incident light. This 
current is hence, called photoelectric current. The maximum 
energy of the photoelectrons can be determined by reversing 
the connection of the battery in the circuit i.e., now the anode. 


the photoelectric current decreases. If this potential is made 


more and more negative, at a certain value, called stopping 
potential V., the current becomes zero. Even the electrons of 
maximum energy are not able to reach collector plate. The 
maximum energy of photoelectrons is thus. 


where mis mass, vis velocity and e is the charge on electron. 
If the experiment is repeated with light beam of higher 
intensity, the amount of current increases but the current 
stops for the same value of V, The Fig.19.5 shows two 
curves of photoelectric current as a function of potential V 
where 1, > /,, If, however, the intensity is kept constant and 
experiment is performed with different frequencies of 
incident light, we obtain the curves shown in Fig.19.6. The 
current is same but stopping potential is different for each 
frequency of incident light, which indicates the proportionality 
‘of maximum kinetic energy with frequency of light f. 


186 


The important results of the experiments are 


1. The electrons are emitted with different energies. The 
maximum energy of photoelectrons depends on the 
particular metal surface and the frequency of incident 
light. 


2. There is a minimum frequency below which no electrons 
are emitted, however intense the light may be. This 
threshold frequency f, varies from metal to metal. 


3. Electrons are emitted instantaneously, the intensity of 
light determines only their number. 


These results could not be explained on the basis of 
electromagnetic wave theory of light. According to this 
theory, increasing the intensity of incident light should 
increase the K.E. of emitted electrons which contradicts the 
‘experimental result. The classical theory cannot also explain 
the thr ld frequency of i3 


Einstein extended the idea of quantization of energy 
proposed by Max Planck that light is emitted or absorbed in 
quanta, known as photons. The energy of each photon of 
frequency fas given by quantum theory is 
E=hf 

A photon could be absorbed by a single electron in the metal 
surface. The electron needs a certain minimum energy called 
the work function '®' to escape from the metal surface. If the 
energy of incident photon is sufficient, the electron is ejected 
instantaneously from the metal surface. A part of the photon 
energy (work function) is used by the electron to break away 
from the metal and the rest appears as the kinetic energy of 
the electron. Thatis, 


Incident photon energy - Work function = Max. K E. of photoelectron 
(19.12) 


When K.E, of the photoelectron is zero, the frequency fis 
equal to threshold frequency f,, hence the Eq.19.12 becomes 


= daes) 
Hence, we can also write Einstein's photoelectric equation as 
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Ee ff, eese (1944) 


Itis to be noted that all the emitted electrons do not possess 
the maximum kinetic energy, some electrons come straight 
out of the metal surface and some lose energy in atomic 
collisions before coming out. The equation 19.14 holds good 
only for those electrons which come out with full surplus 
energy. 

Albert Einstein was awarded Nobel Prize in physics in 1921 
anode for his explanation of photoelectric effect. 


Note that the phenomenon of photoelectric effect cannot be 
explained if we assume that light consists of waves and 
cathode energy is uniformly distributed over its wavefront. It can only 


be explained by assuming light consists of corpuscles of 

energy known as photon. Thus it shows the corpuscular 
nature of light. 
- BEN 

den is based on photoelectric effect. A simple 

photocell is shown in Fig. 19.7. It consists of an evacuated 

glass bulb with a thin anode rod and a cathode of an 

appropriate metal surface. The material of the cathode is. 

selected to suit to the frequehcy range of incident radiation 

over which the cell is operated. For example sodium or 

potassium cathode emits electrons for visible light, cesium 

coated oxidized silver emits electrons for infrared light and 

some other metals respond to ultraviolet radiation. When 

photo-emissive surface is exposed to appropriate light 

w (Fig.19.8 a), electrons are emitted and a current flows in the 

external circuit which increases with the increase in light 

intensity. The current stops when the light beam is 


interrupted. The cell has wide range of applications. Some of 
these are to operate: 


Security systems 
Counting systems 

Automatic door systems 
Automatic street lighting 

Exposure meter for photography 
F Sound track of movies (Fig.19.8 b) 


* 
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The cut off wavelength is in the green region of the visible 
spectrum. 


EN Ml m 


PENY | where m, is the rest mass of the electron. The factor — has 
mc 


Proton 
W- bree deere dimensions of length and is called Compton wavelength and 
has the numerical value 
h 663x107 Js 
mc 9. 107" kgx 3x 10° ms? 


If the scattered X-ray photons are observed at 0 = 90°, the 
iE Nh. Compton shift Aj. equals the Compton wavelength. The 
Eq.19.15 was found to be in complete agreement with 
Compton's experimental result, which again is a striking 
confirmation of particle like interaction of electromagnetic 

E waves with matter. 


Na Arthur Holly Compton was awarded Nobel Prize in physics in 
1927 for his discovery of the effectnamed after him. 


7243x107 m 


b 


In the previous sections you have studied that a low energy 
photon interacting with a metal is usually completely 
absorbed with the emission of electron (Photoelectric effect) 

and a high energy photon such as that of X-rays is scattered 
by an atomic electron transferring a part of its energy to the 
electron (Compton effect). A third kind of interaction of very 
high energy photon such as that of y-rays with matter is pair 
production in which photon energy is changed into an 
electron-positron pair. A positron is a particle having mass and 
charge equal to that of electron but the charge being of 
‘opposite nature i.e. positive. The creation of two particles with 
equal and opposite charges is essential for charge 
conservation in the universe. The positron is also known as 
antiparticle of electron or anti-electron. The interaction 
usually takes place in the electric field in the vicinity of a heavy 
nucleus as shown in the Fig.19.10 so that there is a particle to 
take up recoil energy and momentum is conserved. 


In the process, radiant energy is converted into matter in 
accordance with Einstein's equation E = mc’, and hence, is 
also known as materialization of energy. For an electron or 
positron, the rest mass energy = m,c’ = 0.51. MeV. Thus to 
create the two particles 2x 0.51. MeV or 1.02 MeV energy is 
required. For photons of energy greater than 1.02 MeV, the 
probability of pair production occurrence increases as the 
energy increases and the surplus energy is carried off by the 
wo particles in the form of kinetic energy. The process can be 
represented by the equation 


Energy of photon =| Enereyrequired | , [Kinetic energy 
for pair production | ' | of the particles 


a hf =2m,c? «KE (o )) KE. (7) = — (19.16) 


Itis converse of pair production when a muss S 


to an electron they annihilate or destroy each other. The 
matter of two particles changes into electromagnetic energy 
producing two photons in the y-rays range. 

e 
The two photons are produced travelling in opposite 
directions (Fig. 19.11) so that momentum is conserved. Each 
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photon S) electron. 
sii c5 
Pair Production 


Fig. 19.10 


photon has energy 0.51 MeV equivalent to rest mass energy 
ofa particle. 


The existence of positron was predicted by Dirac in 1928 and 
it was discovered in the cosmic radiation in 1932 by Carl 
‘Anderson. It gradually became clear that every particle has a 
corresponding antiparticle with the same mass and charge (if 
it is a charged particle) but of opposite sign. Particles and 
antiparticles also differ in the signs of other quantum 
numbers that we have not yet discussed. A particle and its 
antiparticle cannot exist together at one place. Whenever 
they meet, they annihilate each other. That is, the particles 
disappear, their combined rest energies appear in other 
forms. Proton and antiproton annihilation has also been 
observed at Lawrence Berkeley Laboratory. 


Ithas been observed that light displays a dual nature, it acts 
as a wave and it acts as a particle. Assuming symmetry in 
nature, the French physicist, Louis de Broglie proposed in 
1924 that particles should also possess wavelike properties. 
As momentum pof photon is given by equation 19.11. 


Fig. 19.11 


de Broglie suggested that momentum of a material particle of 
mass m moving with velocity v should be given by the same 
expression. Thus 


(19.17) 


where 2 is the wavelength associated with particle waves. 
Hence an electron can be considered to be a particle and it 
can also be considered to be a wave. The equation 19.17 is 
called de Broglie relation. 


refined. 
matier (Louis de Bogie An object of large mass and ordinary speed has such a small 
wavelength that its wave effects such as interference and 
diffraction are negligible. For example, a rifle bullet of mass 
20 g and flying with speed 330 ms will have a wavelength à 
givenby 


or 


h 6.63«10™ Js 


= =, 10 
mv^2x107kgx330ms O m 
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This wavelength is so small that it is not measurable or 


detectable by any ofits effects. 
On the other hand for an electron moving with a speed of 
1x10 ms", 
e 
F 6.63 10 Js 7x10 m 


10 kg x 1x10* ms 


This wavelength is in the X-rays range. Thus, diffraction 
effects for electrons are measurable whereas diffraction or 
interference effects for bullets are not. 


on and 


A convincing evidence of the wave nature of electrons was 
provided by Clinton J. Davisson and Laster H. Germer. They 
showed that electrons are diffracted from metal crystals in 
exactly the same manner as X-rays or any other wave. The 
apparatus used by them is shown in Fig. 19.12, in which 
electrons from heated filament are accelerated by an 
adjustable applied voltage V. The electron beam of energy 
Ve is made incident on a nickel crystal. The beam diffracted 
from crystal surface enters a detector and is recorded as a 
current /. The gain in K.E. of the electron as it is accelerated 
bya potential Vin the electron gun is 
1 


givenby gn! - Ve 
or mv-2Ve ; mwv'-2mve 
or mv Hm 
From de Broglie equation 
h 
TI 
mv 
o h 
Thus he diem (19.18) 
Ve oo 
In one of the experiments, the accelerating voltage V was 54 
volts, hence 
à 6.63x10™ Js 
Ve 42x9.1«10? kgx 54 JC 1.610 C 
).21.6x107? m 


This beam of electrons diffracted from crystal surface was 
obtained for a glancing angle of 65°. According to Bragg's 
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equation 


2dsinü- mj. 
For ^storderdiffractionm - 1 
Fornickel d-0.91x10"m 
Thus 20.9110" mxsin65* = 
whichgives 2=1.65x10"m 


Thus, experimentally observed wavelength is in excellent 
agreement with theoretically predicted wavelength. 


Diffraction patterns have also been observed with protons, 
. neutrons, hydrogen atoms and helium atoms thereby giving 
substantial evidence for the wave nature of particles. 


For his work on the dual nature of particles, Prince Louis 
Victor de Broglie received the 1929 Nobel Prize in physics. 
Clinton Joseph Davisson and George Paget Thomson 
shared the Nobel Prize in 1937 for their experimental 
confirmat ‘the wave nature of particles. 


Interference and diffraction of light confirm its wave nature, 
while photoelectric effect proves the particle nature of light. 
Similarly, the experiments of Davisson and Germer and 
G. P. Thomson reveal wave like nature of electrons and in the 
experiment of J. J. Thomson to find e/m we had to assume 
particle like nature of the electron. In the same way we are 
forced to assume both wavelike and particle like properties 
for all matter: electrons, protons, neutrons, molecules etc. 
and also light, X-rays, y-rays etc. have to be included in this. 
In other words, matter and radiation have a dual 'wave- 
particle’ nature and this new concept is known as wave 
particle duality. Niels Bohr pointed out in stating his principle 
of complementarity that both wave and particle aspects are 
required for the complete description of both radiation and 
matter. Both aspects are always present and either may be 
revealed by an experiment. However, both aspects cannot 
be revealed simultaneously in a single experiment, which 
aspect is revealed is determined by the nature of the 
experiment being done. If you put a diffraction grating in the 
path of a light beam, you reveal it as a wave. If you allow the 
light beam to hit a metal surface, you need to regard the 
beam as a stream of particles to explain your observations. 
There is no simple experiment that you can carry out with the 
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beam that will require you to interpret it as a wave and as a 
particle at the same time. Light behaves as a stream of 
photons when it interacts with matter and behaves as a wave 
in traveling from a source to the place where itis detected. In 
effect, all micro-particles (electrons, protons, photons, atoms 
etc.) propagate as if they were waves and exchange energies 
asifthey were particles -thatis the wave particle duality. 


Example 19. particle of mass 5.0 mg moves with speed 
of8.0 ms”. Calculate its de Broglie wavelength. 


Solution: 


m=5.0 mg = 5.0 x 10* kg 

v=80ms 

h=663 x 10" Js 

h 8831095 - 
Using A b. 863x10 7 J8 4.6610 m 
bach J mo 50x10*kgx80 ms x 


Example 19.9: An electron is accelerated through a 
Potential Difference of 50 V. Calculate its de Broglie 
wavelength. 


Solution: 
m-9.1x10? kg, V, =50V, 
* 7. 0 1.6 10. 
dt. 
amv? =v, 
g^ =Voe 


p=mv N 
N 
p j2mve 
6.63x10™ Js 


2378 1510 % 500 
7410 m 


The fact that energetic particles have extremely short 
de Broglie wavelengths has been put to practical use in many 
ultra-modern devices of immense importance such as 
electron microscope. 
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Electron microscope ( Block Diagram) 
Fig. 19.43 


Electron microscope makes practical use of the wave nature 
of electrons which is thousands of time shorter than visible 
light which enables the electron microscope to distinguish 
details not visible with optical microscope. In an electron 
microscope, electric and magnetic fields rather than optical 
lenses are used to focus electrons by means of 
electromagnetic forces that are exerted on moving charges. 
The resulting deflections of the electrons beams are similar 
to the refraction effects produced by glass lenses used to 
focus light in optical microscope. The electrons are 
accelerated to high energies by applying voltage from 30 kV 
to several megavolts. Such high voltages give extremely 
short wavelength and also give the electron sufficient energy 
to penetrate specimen of reasonable thickness. A resolution 
of 0.5 to 1 nm is possible with a 50 kV microscope as 
compared to best optical resolution of 0.2 um. A schematic 
diagram of the electron microscope is shown in the Figure 
19.13. The magnetic conducting lens concentrates the beam 
from an electron gun on to the specimen. Electrons are 
scattered out of the beam from the thicker parts of the 

imen. The transmitted beam therefore has spatial 
differences in density that correspond to the features of the 
specimen. The objective and intermediate lenses produce a 
real intermediate image and projection lens forms the final 
image which can be viewed on a fluorescent screen or 
photographed on special film known as electron micrograph. 
A three dimensional image of remarkable quality can be 
achieved by modem versions called scanning electron 


Position and momentum of a particle cannot both be 
measured simultaneously with perfect accuracy. There is 
always a fundamental uncertainty associated with any 
measurement. This uncertainty is not associated with the 
measuring instrument. It is a consequence of the wave 
particle duality of matter and radiation. This was first 
proposed by Werner Heisenberg in 1927 and hence iSknown 
as Heisenberg Uncertainty Principle. This fundamental 
uncertainty is completely negligible for measurements of 
position and momentum of macroscopic objects but is a 
predominant fact of life in the atomic domain. For example, a 
stream of light photons scattering from a flying tennis ball 
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hardly affects its path, but one photon striking an electron 
drastically alters the electron's motion. Since light has also 
wave properties, we would expect to be able to determine the 
position of the electron only to within one wavelength of the 
light being used. Hence, in order to observe the position of an 
electron with less uncertainty and also for minimizing 
diffraction effect, we must use light of short wavelength. But it 
will alter the motion drastically making momentum 
measurement less precise. Iflight of wavelength . is used to 
locate a micro particle moving along x-axis, the uncertainty in 
its position measurements 
Axed 


At most, the photon of light can transfer all its momentum 
h 
050 to the micro particle whose own momentum will then be 


uncertain by an amount 
h 
n LI 


Multiplying these two uncertainties gives 


e- U- 


The equation 19.19 is the mathematical form of uncertainty 
principle. It states that the product of the uncertainty Axin the [eit in etna 
position of a particle at some instant and the uncertainty Ap in 


the x-component of its momentum at the same instant EIOS O's Sont parc a 
approximately equals Planck's constanth. SW 


There is another form of uncertainty principle which relates 
the energy of a particle and the time at which it had the 


energy. If the AE is the uncertainty in our knowledge of the 
energy of our particle and if the time interval during which 


(19.19) 


AE At 
the particle had the energy E 2 ist, 2 then 


AEMSh — s. (19.20) 


Thus more accurately we determined the energy of a particle, 
the more uncertain we will be of the time during which it has 
thatenergy. 


According to Heisenberg's more careful calculations, he 
found thatatthe very best 
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Ax.Apzh (19.21) 
and AEAM E B 922) 
h 
where = 221105 10 Js 


Werner Karl Heisenberg received Nobel Prize for physics in 
1932 for the development of quantum mechanics. 


19.1 


19.2 


19.3 


An inertial frame of reference is defined as a coordinate system in which the law of 
inertia is valid. A frame of reference that is not accelerating is an inertial frame of 
reference. 


The special theory of relatively treats problems involving inertial or non-accelerating 
frames of reference. Itis based upon two postulates. 


(i) ^ Thelaws of physics are the same in all inertial frames. 


(i) ^ The speed of light in free space has the same value for all observers, 
regardless oftheir state of motion. 


E=mc ıs an importantresultof special theory of relativity 


Ablack body is a solid block having a hollow cavity within it. thas small hole and the 
radiation can enter or escape only through this hole. 

Stephen Boltzmann law states that total energy radiated over all wave length at a 
particular temperature is directly proportional to the fourth power of that Kelvin 
temperature. 

The emission of electrons from a metal surface when exposed to ultraviolet light is 
called photoelectric effect. The emitted electrons are known as photoelectrons. 
When X-rays are scattered by loosely bound electrons from a graphite target, it is 
knownas Compton effect. 

The change of very high energy photon into an electron, positron pair is called pair 
production. 

When a positron comes close to an electron, they annihilate and produce two 
photons in the y- rays range. it is called annihilation of matter. 


Position and momentum of a particle cannot both be measured simultaneously with 
perfect accuracy. There is always a fundamental uncertainty associated with any 
measurement. It is a consequence of the wave particle duality of matter and 
radiation. Itis known as Heisenberg uncertainty principle. 


What are the measurements on which two observers in relative motion will always 
agree upon? 


Does the dilation means that time really passes more slowly in moving system or 
that it only seems to pass more slowly? 


Ifyou are moving in a spaceship at a very high speed relative to the Earth, would you 
notice a difference (a) in your pulse rate (b) in the pulse rate of people on Earth? 
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If the speed of light were infinite, what would the equations of special theory of 
relativity reduce to? 

Since mass is a form of energy, can we conclude that a compressed spring has more 
mass than the same spring when itis not compressed? 

Asa solid is heated and begins to glow, why does it first appear red? 

What happens to total radiation from a blackbody if its absolute temperature is 
doubled? 


A beam of red light and a beam of blue light have exactly the same energy. Which 
beam contains the greater number of photons? 

Which photon, red, green, or blue carries the most (a) energy and (b) 
momentum? 

Which has the lower energy quanta? Radiowaves or X-rays 

Does the brightness of a beam of light primarily depends on the frequency of 
photons or on the number of photons? 


When ultraviolet light falls on certain dyes, visible light is emitted. Why does this not 
happen when infrared light falls on these dyes? 


Will bright light eject more electrons from a metal surface than dimmer light of the 
same colour? 


Will higher frequency light eject greater number of electrons than low frequency light? 
When light shines on a surface, is momentum transferred to the metal surface? 


Why can red light be used in a photographic dark room when developing films, but a 
blue or white light cannot? 


PhotonAhas twice the energy of photon B. Whatis the ratio ofthe momentum ofA to 
thatofB? 


Why don'twe observe a Compton effect with visible light? 
Can pair production take place in vacuum? Explain 

Isitpossible to create a single electron from energy? Explain. 

If electrons behaved only like particles, what pattern would you expect on the screen 
afterthe electrons passes through the double slit? 

Ifan electron and a proton have the same de Broglie wavelength, which particle has 
greater speed? 

We do notnotice the de Broglie wavelength for a pitched cricket ball. Explain why? 


If the following particles have the same energy, which has the shortest wavelength? 
Electron, alpha particle, neutron, proton. 


When does light behave as a wave? When does it behave as a particle? 
What advantages an electron microscope has over an optical microscope? 


If measurements show a precise position for an electron, can those 
measurements show precise momentum also? Explain. 
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19.2 


19.3 


19.4 


19.5 


19.6 


19.7 


19.8 


19.9 


19.10 


A particle called the pion lives on the average only about 2.6 x 10” s when at rest 
in the laboratory. It then changes to another form. How long would such a particle 


live when shooting through the space at 0.95 c? [Ans. 8.3 x 10* s] 
What is the mass of a 70 kg man in a space rocket traveling at 0.8 c from us as 
measured from Earth? [Ans. 116.7 kg] 


Find the energy of photon in 
(b)  Radiowave of wavelength 100 m 
(c) Greenlightof wavelength 550 nm 
(d) — X-raywith wavelength 0.2 nm. 
[Ans. (a) 1.24 x 10* eV (b) 2.25 eV (c) 6200 eV] 


Yellow light of 577 nm wavelength is incident on a cesium surface. The stopping 
voltage is found to be 0.25 V. Find 


(a) the Maximum K.E. of the photoelectrons 
(b) we work function of cesium 

(Ans. (a) 4 x 10 J (b) 1.91 eV] 
X-rays of wavelength 22 pm are scattered from a carbon target. The scattered 


radiation being viewed at 85°to the incident beam. Matis Compton shift? 
[Ans. 2.2 x 10" m] 


A 80 keV X-ray photon is fired at a carbon target and Compton scattering occurs. 
Find the wavelength of the incident photon and the wavelength of the scattered 
photon for scattering angle of (a) 30° (b) 60° 
[Ans. 13.8 pm (a) 14.1 pm (b) 15 pm] 
What is the maximum wavelength of the two photons produced when a positron 
annihilates an electron? The rest mass energy of each is 0.51 MeV. 
Lans. 2.44 x 10" m] 
Calculate the wavelength of 
(a)  a140gballmovingat40 ms" 
(b) ^ aproton moving at the same speed 
(c) — anelectron moving at the same speed 
(Ans. (a) 1.18 x 10™ m (b) 9.92 nm (c) 1.82 x 10° m] 
Whatis the de Broglie wavelength of an electron whose kinetic energy is 120 eV? 
Lans. 1.12 x 10* m] 
An electron is placed in a box about the size of an atom that is about 1.0 x 10" m. 
Whatisthe velocity ofthe electron? [Ans.7.29x 10* ms"] 
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20 
ATOMIC f E Es 


Learning Objectives 


Atthe end of this chapter the students will be able to: 

1. Knowexperimental facts of hydrogen spectrum. 

2.  DescribeBohr's postulates of hydrogen atom. 

3.  Explainhydrogen atom in terms of energy levels. 
4,  Describede-Brogile's interpretation of Bohr's orbits. 
5, Understand excitation and ionization potentials. 
6 
7, 
8 


. Describe uncertainty regarding position of electron in the atom. 
. — Understand the production, properties and uses of X-rays. | 


Describe the terms spontaneous emission, stimulated emission, metastable states 
and population inversion. 


9. Understand laser principle. 
10 ^ Describethe He-Ne gas laser. 
11. Describe the application oflaser including holography. 


he branch of physics that deals with the investigation of wavelengths and intensities of 
electromagnetic radiation emitted or absorbed by atoms is called spectroscopy It includes 
the study of spectra produced by atoms. In general there are three types of spectra called (1) 
continuous spectra, (ii) band spectra, and (ii) discrete or line spectra. 


Black body radiation spectrum, as described in chapter 19 is an example of continuous 
ctra; molecular spectra are the examples of band spectra while the atomic spectra, 
hall investigate in detail in this chapter, ‘examples of discrete or line spectra. 


When an atomic gas or vapour at much less than atmospheric pressure is suitably excited, 
usually by passing an electric current through it, the emitted radiation has a spectrum, which 
contains certain specific wavelengths only. An idealized arrangement for observing such 
atomic spectra is shown in Fig. 20.1. Actual spectrometer uses diffraction grating for better 
results. 


The impression on the screen is in the form of lines if the slit in front of the source S is narrow 
rectangle. Itisforthis reason that the spectrum is referred to as line spectrum. 


The fact that the spectrum of any element contains wavelengths that exhibit definite 
regularities was utilized in the second half of the 19" century in identifying different elements. 
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Fig.20:4 Line spectrum of hydrogen 


These regularities were classified into certain groups called 
the spectral series. The first such series was identified by J.J 
Balmer in 1885 in the spectrum of hydrogen. This series, 
called the Balmer series, is shown in Fig.20.2, and is in the 
Visible region of the electromagnetic spectrum. 


The results obtained by Balmer were expressed in 1896 by ina |] 

R Rydberg in the following mathematical form _ 

3 Kea 5 E ues Bue vot WV 
— dde $ 

where B. is the Rydberg's constant. lis value is 


1.0974 x 10' m". Since then many more series have been 
discovered and proved helpful in predicting the arrangement 


486 nm 
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The Balmer series contain wavelengths in the visible portion Denn 
of the hydrogen spectrum. The spectral lines of hydrogen in Ditrerent types of spectra 

the ultraviolet and infrared regions fall into several other 

series. Inthe ultraviolet region, the Lyman series contains the 

(a) Continuous spectrum 


a 


(©) Une spectrum. 


In the infrared region, three spectral series have been found 
whose lines have the wavelengths specified by the formulae: =e 
(©) Band spectrum 
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(20.3) 


(204) 


(20.5) 


where n=6,7,8, 
The existence of these regularities in the hydrogen spectrum 
together with similar regularities in the spectra of more 


complex elements, proposes a definite test for any theory of 
atomic structure. 


In order to explain the empirical results obtained by Rydberg, 
Neils Bohr, in 1913, formulated a model of hydrogen atom 
utilizing classical physics and Planck's quantum theory. This 
semi classical theory is based on the following three 
postulates: 


Postulate I: An electron, bound to the nucleus in an atom, 
can move around the nucleus in certain circular orbits without 
radiating. These orbits are called the discrete stationary 
states of the atom. 


Postulate Il: Only those stationary orbits are allowed for 
"which orbital angular momentum is equal to an integral 


h 
multiple of 27 


mor- 
27 


(20.6) 
where n 1,2,3, ...... and nis called the principal quantum 
number, m and v are the mass and velocity of the orbiting 
electron respectively, and h is Planck's constant. 
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Postulate Ill: Whenever an electron makes a transition, 
that is, jumps from high energy state E, to a lower energy 
state E,, a photon of energy h fis emitted so that 


M-E-E, (207) 


where f» c/4. is the frequency ofthe radiation emitted. Lea 


-l lie's li retation of Bohr's Orbits 
de-Broglie's Interpt ion of 8 m -— 
was 


Helium. 
At the ume of formulation of Bohr's theory, there was no «sg spectroscopy before It 
justification for the first two postulates, while Postulate Ill had #62veredonearth. 
‘some roots in Planck's thesis. Later on with the development 
of de Broglie's hypothesis, some justification could be seen in 
Postulate Il as explained below: 


——— — — 


Consider a string of length ¿as shown in Fig. 20.3 (a). it this is 
put into stationary vibrations, we must have 4 = nj. where n is 


an integer. Suppose that the string is bent into circle of radius. 
r, as demonstrated for n = 3 and n = 6 in Fig. 20.3 (b) and (c). 


sothat 
„ A. 
2 
or As (20.8) 
From de Broglie's hypothesis. 
h 
MEE mv m 
nh 
or my 
2x 
which is Postulate li 
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Consider a hydrogen atom in which electron moving with | 
v,isin stationary circular orbit of radius f. From Eq. (20.8), 


For this electron to stay in the circular orbit, shown in 
Fe, ages is provided by the 
Coulomb's force F. =! whersthemagniude of tage 
on electron as well as on the hydrogen nucleus consisting of 
asingle proton. Thus, 


ea ees 


where constant kis equalto— 


= 
— aesesanotors tonta 20.9, wehave 


where r, Av 70.053 nm 
This agrees with the experimentally measured values and is 
called the first Bohr orbit radius of the hydrogen atom. Thus 
according to Bohr's theory, the radii of different stationary 
orbits of the electrons in the hydrogen atom are given by 


— 2 nEn, an, 9r, 16r, 


he trst eon orst n be wee, Substituting the value of r, from Eq. 20.11 in Eq, 20.9, the 


atom has a radius r,=53x 10m speed of electron in the nin orbit is 
The second and third Bohr orbits 
have radii r,s4r, and r,-9r, 


us now cal energy E, of the electron in the 
Bohr orbit; E, is the sum of the kinetic energy K.E. and the 
potential energy U. i. 
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By rearranging Eq. (20.10), we get 


«e 


where 


which is the energy required to completely remove an electron 
from the first Bohr orbit. This is called ionization energy. The 
ionization energy may be provided to the electron by collision 
with an external electron. The minimum potential through 
which this external electron should be accelerated so that it 
can supply the requisite ionization energy is known as 
ionization potential. Thus for n = 1, 2, 3... 
allowed energy levels of a hydrogen atom to be 


The experimentally measured value of the binding energy of 
the electron in the hydrogen atom is in perfect agreement 
with the value predicted by Bohr theory. 


Normally the electron in the hydrogen atom is in the lowest 
energy state corresponding to n = 1 and this state is called 
the ground state or normal state. When itis in higher orbit, itis 
said to be in the excited state. The atom may be exited by 
collision with externally accelerated electron. The potential 
through which an electron should be accelerated so that, on 
collision it can lift the electron in the atom from its ground 
state to some higher state, is known as excitation potential. 


The results derived above for the energy levels along with 
Postulate Ill can be used to arrive at the expression for the 
wavelength of the hydrogen spectrum. Suppose that the 
electron in the hydrogen atom is in the excited state n with 
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energy E, and makes a transition to a lower state p with 


=e 


35 121 R,=£2=1.0874% i m- (20.18) 

EC nss 

oss nsa Which agrees well with the latest measured value for 
hydrogen atom. 


m T 
= Pascren "™> Eq, 20.17 reduces to the empirical result derived by Rydberg 
and given by Eq 20.1, provided that we substitute p = 2 and 

n 23,4,5....... The different energy levels corresponding to 

— Eg. 20.17 are showninFig. 20.5. 


a Spi 


The transitions of electrons in the hydrogen or other light 


Lyman 


elements resultin the emission of spectral lines in the infrared, 
visible or ultraviolet region of electromagnetic spectrum due to 
small energy differences in the transition levels. 
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In heavy atoms, the electrons are assumed to be arranged in Ejected 
concentric shells labeled as K, L, M, N, O etc. the K shell — 9econ 
being closest to the nucleus, the L shell next, and so on 
(Fig. 20.6). The inner shell electrons are tightly bound and 
large amount of energy is required for their displacement 
from their normal energy levels. After excitation, when an 
atom returns to its normal state, photons of larger energy are 
emitted. Thus transition of inner shell electrons in heavy / 
atoms gives rise to the emission of high energy photons or X- 
rays. These X-rays consist of series of specific wavelengths 
or frequencies and hence are called characteristic X-rays. 
The study of characteristic X-rays spectra has played a very 
important role in the study of atomic structure and the 
periodic table of elements. 


[Production of Kays | em 

gh energy 
Fig. 20.7 shows an arrangement of producing X-rays. It See 
consists of a high vacuum tube called X-ray tube. When Fig. 20.6 
the cathode is heated by the filament F, it emits electrons 
which are accelerated towards the anode T. If V is the 


Evacuated glass tube 


Fig. 200 


potential difference between C and T. the kinetic energy KE 
with which the electron strike the target is given by 


Suppose that these fast moving electrons of energy Ve strike 
a target made of tungsten or any other heavy element. It is 
possible that in collision, the electrons in the innermost 
shells, such as K or L, will be knocked out. Suppose that one 
of the electrons in the K shell is removed, thereby producing 
a vacancy or hole in that shell. The electron from the L shell 
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jumps to occupy the hole in the K shell, thereby emitting a 
photon of energy h f. called the K, X-ray given by 


hf. sE-E, (2020) 


Itis also possible that the electron from the M shell might also 
jump to occupy the hole in the K shell. The photons emitted 
areK, X-ray with energies 

hh, E,-E. 
these photons give rise to K, X-ray and so on. 


The photons emitted in such transitions i.e., inner shell 
transitions are called characteristic X-rays, because their 
energies depend upon the type of target material. 


The holes created in the L and M shells are occupied by 
transitions of electrons from higher states creating more 
X-rays. The characteristic X-rays appear as discrete lines on 
a continuous spectrum as shown in Fig. 20.8. 


The continuous spectrum is due to an effect known as 
bremsstrahlung or braking radiation. When the fast moving 
electrons bombard the target, they are suddenly siowed 
down on impact with the target. We know that an accelerating 
charge emits electromagnetic radiation. Hence, these 
impacting electrons emit radiation as they are strongly 
decelerated by the target. Since the rate of deceleration is so 
large, the emitted radiation correspond to short wavelength 
and so the bremsstrahlung is in the X-ray region. In the case 
when the electrons lose alll their kinetic energy in the first 
collision, the entire kinetic energy appears as a X-ray photon 
of energy hf... i.e... 


(20:21) 


KE. -. 

The wavelength .... in Fig. 20.8 corresponds to frequency 
f... Other electrons do not lose all their energy in the first 
collision. They may suffer a number of collisions before 
coming to rest. This will give rise to photons of smaller energy 
or X-rays of longer wavelength. Thus the continuous 
spectrum is obtained due to deceleration of impacting 
electrons. 


Properties and Uses of X-r 


X-rays have many practical applications in medicine and 
industry. Because X-rays can penetrate several centimetres 
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into a solid matter, so they can be used to visualize the 
interiors of the materials opaque to ordinary light, such as 
fractured bones or defects in structural steel. The object to be 
visualized is placed between an X-ray source and a large 
sheet of photographic film; the darkening of the film is 
proportional to the radiation exposure. A crack or air bubble 
allows greater amount of X-rays to pass. This appears as a 
dark area on the photographic film. Shadow of bones 
appears lighter than the surrounding flesh. It is due to the fact 
that bones contain greater proportions of elements with high 
atomic number and so they absorb greater amount of 
incident X-rays than flesh. In flesh, light elements like carbon, 
hydrogen and oxygen predominate. These elements allow 
greater amount of incident X-rays to pass through them. 


In the recent past, several vastly improved X-ray techniques. 
have been developed. One widely used system is 
computerized axial tomography; the corresponding 
instrument is called Cal. Scanner The X-ray source 
produces a thin fan-shaped beam that is detected on the 
opposite side of the subject by an array of several hundred 
detectors in a line. Each detector measures absorption of 
X-ray along a thin line through the subject. The entire 
apparatus is rotated around the subject in the plane of the 
beam during a few seconds. The changing reactions of the 
detector are recorded digitally; a computer processes this 
information and reconstructs a picture of different densities 
over an entire cross section of the subject. Density 
differences of the order of one percent can be detected with 
CAT-Scans. Tumors, and other anomalies much too small to 
be seen with older techniques can be detected. 


Biological 


X-rays cause damage to living tissue. As X-ray photons are 
‘absorbed in tissues, they break molecular bonds and create 
highly reactive free radicals (such as H and OH), which in 
turn can disturb the molecular structure of the proteins and 
especially the genetic material. Young and rapidly growing 
cells are particularly susceptible; hence 
X-rays are useful for selective destruction of cancer cells. On 
the other hand a cell may be damaged by radiation but 
survive, continue dividing and produce generation of 
defective cells. Thus X-rays can cause cancer. Even when 
the organism itself shows no apparent damage, excessive 
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‘An X-ray picture ofa hand. 


radiation exposure can cause changes in their productive 
system that will affect the organism's offsprin 


One of the characteristics of dual nature of matter is a 
fundamental limitation in the accuracy of the simultaneous 
measurement of the position and momentum of a particle. 


Heisenberg showed that this is given by the equation 


apax D. 


2x 
However, these limitations are significant in the realm of 
atom. One interesting question is whether electrons are 
present in atomic nuciei. As the typical nuclei ss than 
10 m in diameter. for an eléctroh io e confined within such a 
nucleus. the uncertainty in its position is of the order of 10 ^ m. 
The corresponding uncertainty in the electrons momentum is 


zu 
azi 


6.63«10™ Js ^; a 
Com =6.63x10™kgms 


As Ap=mav 
6,63« 10 kgms” 


Hence av= "944,40 % —273x10"ms 


Hence, for the electron to be confined to a nucleus, its speed 
would have to be greater than 10" ms" i.e., greater than the 
speed of light. Because this is impossible, we must conclude 
that an electron can never be found inside of a nucleus. But 
can an electron reside inside the atom? To find this, we again 
calculate the speed of an electron and if it turns to be less 
than the speed of light, we have reasonable expectation of 
finding the electron within the atom but outside the nucleus. 
The radius of the hydrogen atom is about 5 x 10” m. Applying 
the uncertainty principle to the momentum of electron in the 


atom we have ii 

Ap A7 
As Ap=mav 
Therefore, 


Foran atom Axisgivenas5x 10" m 
Aye 8881025 
9.11x10?'kgx 5107 m 
7146x 10 ms 


This speed of the electron is less than the speed of light, , 
therefore, it can exist in the atom but outside the nucleus. 


Thus 


Laser is the acronym for Light Amplification by Stimulated 
Emission of Radiation. As the name indicates, lasers are 
used for producing an intense, monochromatic, and 
unidirectional coherent beam of visible light. To understand 
the working of a laser, terms such as stimulated emission and 
population inversion must be understood. 


Consider a sample of free atoms some of which are in the 
ground state with energy E, and some in the excited state E, 
as shown in Fig. 20.9. The photons of energy hf = E,- E, are 
incident on this sample. These incident photons can interact 
with atoms in two different ways. In Fig. 20.9 (a) the incident. 
photonis absorbed by an atom in the ground state S, thereby 
leaving the atom in the excited state E. This process is called 
stimulated or induced absorption. Once in the excited state, 
two things can happen to the atom. (i) It may decay by 
spontaneous emission as shown in Fig. 20.9 (b), in which the 
atom emits a photon of energy h f= E, - E, in any arbitrary 
direction, 


The other alternative for the atom in the excited state E,isto 
decay by stimulated or induced emission as shown in 
Fig.20.9 (c). In this case the incident photon of energy 
h f= E, - E, induces the atom to decay by emitting a photon 
that travels in the direction of the incident photon. For each 
incident photon we will have two photons going in the same 
direction thus we have accomplished two things; an amplifíed 
as well as a unidirectional coherent beam. From a practical 
point this is possible only if there is more stimulated or 
induced emission than spontaneous emission. This can be 
achieved as described in the next section. 
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E 
(Larger energy) 


— 
(Smaler energy) 


(0) Normal population. 
A normal ‘of atomic 


‘energy state, with more atomic In the 
lower. ‘tate E, than in the 


t —oo— 
(o) Population inversion 


A inversion, in which the 
8 


Let us consider a simple case of a material whose atoms can 
reside in three different states as shown in Fig. 20.10, state 


-10*s. 


m 
2 
2 


Fig. 20.10 


E, which is ground state; the excited state E, in which the 
atoms can reside only for 10" s and the metastable state E. 
in which the atoms can reside for 10" s, much longer than 
10 s. A metastable state is an excited state in which an 
‘excited electron is unusually stable and from which the 
electron spontaneously falls to lower state only after 
relatively longer time. The transition from or to this state are 
difficult as compared to other excited states. Hence, instead 
of direct excitation to this state, the electrons are excited to 
higher level for spontaneous fall to metastable state. Also let 
us assume that the incident photons of energy h f= E, - E, 
raise the atom from the ground state E, to the excited state E, 
but the excited atoms do not decay back to E Thus the only 
alternative for the atoms in the excited state E, is to decay 
spontaneously to state E. the atoms reach state E, much 
faster than they leave state E. This eventually leads to the 
situation that the state E, contains more atoms than state E. 
This situation is known as population inversion. 


Once the population inversion has been reached, the lasing 
action of a laser is simple to achieve. The atoms in the 
metastable state E, are bombarded by photons of energy 
hf = E, E, resulting in an induced emission, giving an 
intense, coherent beam in the direction of the incident 
photon. 
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The emitted photons must be confined in the assembly long 
enough io stimulate further emission from other excited 
atoms. This is. achieved by using mirrors at the two ends of 
the assembly. One end is made totally reflecting, and the 
other end is partially transparent to allow the laser beam to 
escape (Fig.20.11). As the photons move back and forth 
between the reflecting mirrors they continue to stimulate 
other excited atoms to emit photons. As the process 
continues the number of photons multiply, and the resulting 
radiation is, therefore, much more intense and coherent than 
lightfrom ordinary sources. 


um- Neon 


It is a most common type of lasers used in physics 
laboratories. Its discharge tube is filled with 85% helium and 
1596 neon gas. The neonis the lasing or active medium in this 
tube, By chance, helium and neon have nearly identical 
metastable states, respectively located 20.61 eV and 
20.66 eV level. The high voltage electric discharge excites 
the electrons in some of the helium atoms to the 20.61 eV 
state, In this laser, population inversion in neon is achieved 
by direct collisions with same energy electrons of helium 
atoms, Thus excited helium atoms collide with neon atoms, 
each transferring its own 20.61 eV of energy to an electron in 
the neon atom along with 0.05 eV of K.E. from the moving 
atom. As a result, the electrons in neon atoms are raised to 
the 20.66 eV state. In this way, a population inversion is 
sustained in the neon gas relative to an energy level of 
18.70 eV. Spontaneous emission from neon atoms initiate 
laser action and stimulated emission causes electrons in the 
neon to drop from 20.66 eV to the 18.70 eV level and red 
laser light of wavelength 632.8 nm corresponding to 1.96 eV 
energyis generated (Fig. 20.12). 


in Medicine and y 

1 Laser beams are used as surgical tool for "welding" 
detached retinas. 

2. The narrow intense beam of laser can be used to 


destroy tissue in a localized area. Tiny organelles 
with a living cell have been destroyed by using laser 
to study how the absence of that organelle affects the 
behavior of the cell. 


3. Finely focused beam of laser has been used to 
destroy cancerous and pre-cancerous cell. 
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4. The heat of the laser seals off capillaries and lymph 
vessels to prevent spread of the disease. 


5. dme intense heat produced in small area by a laser 
beam is also used for welding and machining metals 
end for drilling tiny holes in hard materials. 


6. The precise straightness of a laser beam is also 
useful to surveyors for lining up equipment especially 
ininaccessible locations. 


7. It is potential energy source for inducing fusion 
reactions. 
8. nu can be used for telecommunication along optical 
The! laser beam is 
oe MEM 
use 


Wound Mood n. g. Laser beam can be used to generate three- 


dimensional images of objects in a process called 
holography. 


When an atomic gas or vapours at less than atmospheric pressure is suitably 

excited, usually by passing electric current through it, the emitted radiation has a 

spectrum which contains certain specific wavelenghts only. 

Postulates of Bohr's model of hydrogen atom are: 

An electron, bound to the nucleus in an atom, can move around the nucleus in 

certain circular orbits without radiating. These orbits are calie- the discrete 

stationary states of the atom. 

Only those stationary states are allowed for which orbital angular momentum is 
nh 


equal toanintegralmullpleofhi.e., m 


Whenever an electron makes a transition, i.e., jumps from high energy state E, toa 
lower energy state E. a photon of energy n fis emitted so that hf= E, -E,. 


The transition of electrons in the hydrogen or other light elements result in the 
emission of spectral lines in the infrared, visible or ultraviolet region of 
electromagnetic spectrum due to small energy differences in the transition levels. 


The X-rays emitted in inner shell transitions are called characteristic X-rays, 
because their energy depends upon the type of target material. 


The X-rays that are emitted in all directions and with a continuous range of 
frequencies are known as continuous X-rays. 


Laser is the acronym for Light Amplification by Stimulated Emission of Radiation. 
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The incident photon absorbed by an atom in the ground state E, thereby leaving 
the atom in the excited state E, is called stimulated orinducedabsorption. 


Spontaneous or induced emission is that in which the atom emits a photon of energy 
hf=E,-E,in any arbitrary direction. 

Stimulated or induced emission is that in which the incident photon of energy h f= E,- E, 
induces the atom to decay by emitting a photon that travels in the direction of the 
incident photon. For each incident photon, we will have two photons going in the same 
direction giving rise to an amplified as well as a unidirectional coherent beam. 


Bohr's theory of hydrogen atom is based upon several assumptions. Do any ofthese 
assumptions contradict classical physics? 


What is meant by a line spectrum? Explain, how line spectrum can be used for thie 
identification of elemerits? 


Can the electron in the ground state of hydrogen absorb a photon of energy 
13,6 eV and greater than 13.6 eV? 


How can the spectrum of hydrogen contain so many lines when hydrogen contains 
one electron? 
Is energy conserved when an atom emits a photon of light? 


Explain why a glowing gas gives only certain wavelengths of light and why that gas is 
Capable of absorbing the same wavelengths? Give a reason why itis transparent to 
other wavelengths? 

What do we mean when we say that the atom is excited? 


Can X-rays be reflected, refracted. diffracted and polarized just like any other 
waves? Explain. 


Whatare the advantages of lasers over ordinary light? 
Explain why laser action could not occur without population inversion between 


atomiclevels? 


A hydrogen atoms is in its ground state (n = 1). Using’ Bchr's theory, calculate 
(a) the radius of the orbit, (b) the linear momentum of the electron, (c) the angular. 
momentum of the electron (d) the kinetic energy (e) the potential. energy, and 
(f)the total energy. 
(Ans: (80.529 x 10^ m (b) 1.99x 10" kgms (c) 1.05x 10 kg m's” 
(d) 13.6 eV (e) - 27.2 eV (f) -13.6 eV] 
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What are the energies in eV of quanta of wavelength? 7. = 400, 500 and 700 nm. 

(Ans: 3.10 eV, 2.49 eV, 1.77 eV) 
An electron jumps from a level E = -3.5 x 10” J to E, = -1.20 x 10 J. What is the 
wavelength ofthe emitted light? (Ans:234nm) 
Find the wavelength of the spectral line corresponding to the transition in hydrogen 
fromn=6stateton=3state? 


(Asn: 1094 nm) 
Compute the shortest wavelength radiation in the Balmer series? What value of n 
must be used? (Ans: 364.5nm, n=) 


Calculate the longest wavelength of radiation for the Paschen series. 
(Ans: 1875 nm) 


Electrons in an X-ray tube are accelerated through a potential difference of 
3000 V. If these electrons were slowed down in a target, what will be the minimum 
wavelength of X-rays produced? (Ans: 4.14x 10m) 


The wavelength of K X-ray from copper is 1.377 x 10” m. What is the energy 
difference between the two levels from which this transition results? 
(Ans: 9.03 keV) 


Atungsten target is struck by electrons that have been accelerated from rest through 
40 kV potential difference. Find the shortest wavelength of the bremsstrahlung 
radiation emitted, (Ans: 0.31x 10 m) 


The orbital electron of a hydrogen atom moves with a speed of 5.456 x 10 ms 
(a) Find the value of the quantum number n associated with this electron 
(b) Calculate the radius of this orbit, 

(c) Find the energy of the electron in this orbit. 


(Ans: n = 4, r, = 0.846 nm; E, = -0.85 eV) 
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[Chapter 2 1 
© NUCLEARPHYSICS — 


Learning Objectives 


Atthe end of this chapter the students will be able to: 

1. Understand the c Haie tieatment of Ruthertorts scattering experiment and the 
evidence it pi for the existence and small size of nucleus. 

2 Distinguish between nucleon | 7 number) and atomic, number. 


3. Understand that an element can exist in various isotopic forms each with a different 
number of neutrons. 


Understand the use of mass section to demonstrate the existence of isotopes 
and to measure their relative al ee ee 


Understand mass defect and calculate binding energy using Einstein's equation. 
Mustate graphically the variation of binding energy per nucleon with the mass 
number. 


Explain the meaning of half-life. 


Recognize and use decay law. 


4. 

5. 

6. 

Lo Appreciate the spontaneous and random nature of nuclear decay. 

8. 

9. 

10. ee Uc ae Ra 
" 


use of Wilson eM Geiger Muller counter and solid state 
eiere to detect iNe radiation 


12. Appreciate ihat stone number and mass number e nuclear process. 
13. — Describe energy and mass conservation in simple reactions and in radioactive 
y. 


14. Understand and describe the phenomena of nuclear fission and nuclear fusion. 
15.  Explainthe working principle of nuclear reactor. 
16. Be eate ot vanous types of nuclear reactors. 


17. [ere awareness about nuclear radiation exposure and biological effects of 
ion. 


18. Describe in simple terms the use of radiations for medical diagnosis and therapy. 

19. , Understand qualitatively the importance of limiting exposure to ionizing radiation. 

20. Outline the use of tracer technique to obtain diagnostic information about internal 
structures. 


21.. Describe examples of the use of radioactive tracers in diagnosis. 
22. Describe basic forces of nature. 


23, Describe the modem view of the building blocks of matter based on hadrons, 
leptons and quarks. 
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Positive 


Soon after the discovery of electron and proton in an atom, 
the quest started to find the way in which these charged 
particles are present in an atom. From his experiments 
Emest Rutherford developed a nuclear model of the atom. 
His model of the atom consisted of a small dense, positively 
charged nucleus with negative electrons orbiting about it. In 
1920 Rutherford suggested that there is probably another 
particle within the nucleus, neutral one, to which he gave the 
name neutron. James Chadwick discovered neutron in 1932. 


At the- centre of each and every atom there is an 
infinitesimally small nucleus. The entire positive charge of 
the atom and about 99.9 percent of its mass is concentrated 
in the nucleus. The tininess of the nucleus can be imagined 
by comparing that the radius of the atom is 10° times the 
radius ofthe nucleus. 


A nucleus consists of nucleons comprising of protons and 
neutrons. A proton has a positive charge equal to 
1.6x 10" C and its mass is 1.673 x 10” kg. A neutron has no 
charge on it, but its mass is 1,675 x 107 kg. The mass of a 
neutron is almost equal to mass of proton. To indicate the 
mass of atomic particles, instead of kilogram, unified mass 
scale (u) is generally used. By definition 1u is exactly one 
twelveth the mass of carbon" atom (1u = 1.6606 x 10” kg). In 
this unit the mass of a proton is 1.007276 u and that of a 
neutron is 1.008665 u while that of an electron is 0.00055 u. 


The charge on a proton is equal in magnitude to the charge 
‘onan electron. The charge on the proton is positive while that 
of an electron is negative. As an atom on the whole is 
electrically neutral, therefore, we can conclude that the 
number of protons inside the nucleus is equal to the number 
of electrons outside the nucleus. The number of protons 
inside a nucleus is called the atomic number or the charge 
number of an atom. It is denoted by Z. Thus the total charge 
ofany nucleusis Ze, here e indicates charge on one proton. 


The combined number of all the protons and neutrons in 
@ nucleus is known as its mass number and is denoted 
byA. 


The number of neutrons N present in a nucleus is given by 
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We now consider different elements of the periodic table. 
Hydrogen atom is simplest of all the atoms. Its nucleus i 
composed of only one proton; that is for hydrogen A = 1, 
21. That is why hydrogen is represented by the symbol 'H. 
Next in the periodic table after the hydrogen element is the 
helium element. Its nucleus contains two protons and two 
neutrons. This means for helium A = 4 and Z = 2; and hence 
helium is represented as He . We now take the example of 
uranium - a heavy element of the periodic table. The charge 
number Z of uranium is 92 while its mass number A is 235. This 
is represented as 0 . It has 92 protons while the number of 
neutrons N is given by the equation N= A - Z = 235 -92 = 143. 
In this way the number of protons and neutrons in atoms of all 
the elements of the periodic table can be determined. It has 
been observed that the number of neutrons and protons in the 
initial light elements of the periodic table is almost equal but in 
the later heavy elements the number of neutrons is greater 
thain the number of protons in the nucleus. 


Isotopes are such nuclei of an element that have the same 
charge number Z, but have different mass number A, that is 
in the nucleus of such an element the number of protons is 
the same, but the number of neutrons is different. Helium, for 
example has two isotopes. These are symbolically 
represented as tie and3He.As the charge number of helium 
is 2, therefore, there are two protons in the helium nucleus. 
The neutron number of the first isotope is, according to Eq. 
21.1is3-2= 1 and that in the second isotope$He, the number 
of neutron is 4 - 2 = 2. Hydrogen has three isotopes 
represented by ;H, 7H, 3H. Its first isotope is called ordinary 
hydrogen or protium. There is only one proton in its nucleus. 
The second isotope of hydrogen is called deuterium. It has 
‘one proton and one neutron in its nucleus. Its nucleus is 
called deuteron. The third isotope of hydrogen has two 
neutrons and one proton in its nucleus and it is called tritium. 
The isotopes of hydrogen are shown in Figs. 21.1 (a,b,c). 


The chemical properties of all the isotopes of an element are 
alike, as the chemical properties of an element depend only 
upon the number of electrons around the nucleus, that is 
upon the charge number Z, which for all the isotopes of an 
elementis the same. Itis, therefore, not possible to separate. 
the isotopes of an element by chemical methods. Physical 
methods are found to be successful for this purpose. A 
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device with the help of which not only the isotopes of any 
elementcan be separated from one another but their masses 
can also be determined quite accurately is called mass 
‘spectrograph. 


A simple mass spectrograph is shown in Fig. 21.2 (a). The 
atoms or molecules of the element under investigation, in 
vapour form, are ionized in the ions source S. As a result of 
ionization, one electron is removed from the parlicle, leaving 
with a net positive charge +e. The positive ions, escaping the 
slit S, are accelerated through a potential difference V 
applied between the two slits S, and S. 


Fig. 212 
The ions pass through the slit S, in the form of a narrow beam. 
The K.E. of singly charged ion at the slit S. will be given by 


mv =Ve T (212) 


The ions are then subjected to a perpendicular and uniform 
magnetic field B in a vacuum chamber, where they are 
deflected in semicircular paths towards a detector. The 
detector records the number of ions arriving per second. The 
centripetal force applied by the magnetic field is given by 

^ k 


Be- V. ee, (s 
or m⸗ S 
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spe E P Tx sel s 
The above equation shows that the mass of each ion 
reaching the detector is proportional to F. By adjusting the 
value of B and keeping the term in the parentheses constant, 
ions of different masses are allowed to enter the detector. A 
graph of the detector output as a function of g then gives an 
indication of what masses are present and the abundance of 


eachmass. 


Fig. 21.2 (b) shows a record obtained for naturally occurring 
neon gas showing three isotopes whose atomic mass 
numbers are 20, 21, and 22. The larger is the peak, the more 
abundanti the isotope, Thus most abundantisotope of neon 
isneon-20. 


itis usually assumed that the whole is always equal to the sum 
of its parts. This is not so in the nucleus. The results of 
experiments on the masses of different nuclei show that the 
mass of the nucleus is always less than the total mass of all the 
protons and neutrons making up the nucleus. In the nucleus 
the missing mass is called the mass defect m given by. 
en- -m 1 (21.5) 
As Zis the total number of protons in the nucleus and m, is the 
mass of a proton, then Zm, is the total mass of all the protons. 
As shown in Eq. 21.1, (A - Z) is the total number of neutrons 
and as m, is the mass of a single neutron, (A-Z) m, is the total 
mass ofall the neutrons. The term m. Eis the experimentally 
measured mass of the entire nucleus. Hence, Eq. 21.5 
represents the difference in mass between the sum of the 
masses ofits constituents and the mass of the nucleus itself. 


The missing mass is converted to energy in the formation of 
the nucleus. This energy is found from Einstein's mass 
energy relation 


Esim ^^ n. 2.6) 
and is called the binding energy (B.E.) of the nucleus. From 
equations 21.5 and 21.6, the binding energy of a nucleus is 


BE.=(Am)¢'=Zm,c'+(A-Z) mé me . (24.7) 
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Letus consider the example of the deuteron nucleus to make 
the conceptof mass defect and binding energy more clear. 


(enermass) Therefore, the bound constituents have less energy than 


when they are free. Thatis the B.E. comes from the mass that 
is lost in the process of formation. Conversely, the binding 
energy is the amount of energy that must be supplied to a 


nucleus if the nucleus is to be broken up into protons and 
neutrons. Experiments have revealed that such mass 
defects exist in other elements as well, Shown in Fig. 21.3is a 
graph between the mass defect per nucleon and charge 
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number Z is obtained by finding the difference of mass 
belween the total mass of all the protons and neutrons that 
form the nucleus and the experimental mass of the nucleus 
and dividing this difference by mass number A, i.e., | or Your information | 
Mass defect per nucleon 
AM _ Mres -[Zm, +(A-Z)m,] 
A A 


Ko 
where Am is the defect. From the definition of E m 
defect it is quite obvious that for hydrogen, mass defect is p 
no 


zero. The mass defect is made clear with Einstein's equation 

Same This equation shows that if for any reason a mass 

Amis lost, them itis converted into energy. 

Letus now calculate the BE of helium. For He 
Amz-2m,*2m,-m,, 

.01519u + 2.01796 u-4,00281 u=0.03034u 


since 1u-1.68x10"kg 

^ —— Am-0.03034ux 1.66x 10" kgu"=5.03x 10 U 

Thus B.E. Amc'- 5.03x 10" kgx9 x 10 m's* 
45x10) 7 

=45x 10" -8210'eV= 28,2 MeV 
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This means that when two protons and two neutrons fuse 
together to make helium nucleus, if an amount of 28.2 MeV 
energy is given to the helium nucleus then it breaks up into 
two protons and two neutrons. From this, we conclude that 


1u = 1.6606 x 10" kg = 931 MeV 


Inthis way we can calculate binding energy of every element. 

Shown in Fig. 21.4 is a graph between binding energy per 

nucleon and the inass number of different elements. This 

graph shows that the binding energy per nucleon increases 
D 


= 


mna 


with the mass number till it reaches a maximum value of 8.8 
MeV atmass number 58 and then it gradually decreases to a 
value of 7.6 MeV at mass number 238. The binding energy 
per nucleon is maximum for iron. This shows that of all the 
elements iron is the most stable element. Later in this chapter 
it will be shown with the help of graph of Fig. 21.4 that when 
heavy element breaks into lighter elements or the lighter 
elements are fused to form heavier element then a large 
amountof energy can be obtained. 


Ithas been observed that those elements whose charge 
number Z is greater than 82 are unstable. Some 
invisible radiations, that can affect the photographic 
plates emanate out of these elements. Such elements 
are called radioactive and the phenomenon is called 
radioactivity, The radiations coming out of the 
radioactive elements are called alpha (a), beta (B), and 
gamma (y) radiation. Radioactivity was discovered by 
Henri Becquerel in 1896. He found that an ore 
containing uranium (Z = 92) emits an invisible radiation 
that penetrates through a black paper wrapping a 
photographic plate and affects the plate. After 
Becquerel's discovery Marie Curie and Pierre Curie 
discovered two new radioactive elements that they 
called polonium and radium. 


The analysis of the radiations emanating out of a radioactive 
material can be carried out by a simple experiment. The 
radioactive material is placed at the centre of a block of lead: 
by drilling a hole in the block. Radioactive radiations enter a 
vacuum chamber after emerging out of this hole. After 
passing between the two parallel plates the radiations strike 
a photographic plate. These radiations, instead of impinging 
at one point, fall at three different points due to the potential 
difference between the plates (Fig. 21.5). 


From this experiment it can be concluded that all radiations 
from the radioactive material are not alike. The radiation that 
bends towards the negative plate is made up of positively 
charged particles. These are called a-particles. Those 
radiations that bend towards the positive plate are composed 
of negatively charged particles. These are called f-particles. 
Those radiations that go straight without bending have no 
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charge on them. These are called y-rays. 


Further experiments reveal that a-particles are helium nuclei. 
The charge on them is +2e while their mass is 4u (atomic 
mass unit) that is every a-particle has two protons and two 
neutrons in it. f-particles are in fact fast moving electrons 
which come out of the nucleus of a radioactive element. y-rays 
like X-rays, are electromagnetic waves which issue out of the 
nucleus of a radioactive element. The wavelength of these 
rays is much shorter, compared with the wavelength of X-rays. 


Radioactivity is purely a nuclear phenomenon. This is not 
affected by any physical or chemical reaction. Whenever any 
particle / radiation is emitted out of any radioactive element, it 
is always accompanied by some changes in the nucleus of 
the element. Therefore, this element changes into a new 
element. This phenomenon is called radioactive decay. The 
element formed due to this change is called daughter 
element. The original element is called the parent element. 
During the nuclear changes the laws of conservation of 
mass, energy, momentum and charge remain applicable. 


We know that three types of radiations a-particle, [--particle 
and ;-rays are emitted by the naturally occurring radioactive 
elements. When a-particle is emitted out of any nucleus then 
due to law of conservation of matter, the mass number of the 
nucleus decreases by 4, and due to law of conservation of 
charge, the charge of the nucleus decreases by a magnitude 
of 2ei.e., the charge number of the nucleus decreases by 2. It 
is due to the fact that the mass number and charge number of 
the emitted particle a is 4 and 2 respectively. The emission of 
the a-particle is represented by the following equation 


1X — 41r « iHe 
Here X represents the parent and Y the daughter element. 


To explain the emission of a-particles we take the example of 
radium"; Ra. The emission of an a-particle from radium 226, 
results in the formation of radon gas . Rn. This change is 
represented by the following equation 


"Ra —— BN iHe 


It may be remembered that the sum of the mass numbers 
and the charge numbers on both sides of the 
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equation are equal. When a -particle is emitted out of any 
nucleus, then its mass number does not undergo any change 
but its charge number increases by one. The emission of a 
-particle from any element X is represented by the following 
equation 

ix — LAY + Se 


Negative [--particle is an electron and its emission from the 
nucleus becomes an incomprehensible enigma, as there is 
no electron present in the nucleus. However, ine emission of 
electron from the nucleus can be thought of as a neutron 
emitting an electron and becoming a proton, although the 
modem explanation is not that simple. 


This means that the f-particle is formed at the time of 
emission. That is why at the time of emission of a 
P-particle the charge number of the nucleus increases by one 
but no change in its mass number takes place as the mass of 
electron is exceedingly small as compared to the mass of a 
proton or a neutron. The transformation of an electron at the 
moment ofits emission is given below by an equation 


gn — iH fo 
It has been observed that thorium Th is transformed, 
into protactinium Ps after the em of Bepar 
The following equation represents this reaction 


Th pace “e 
When a ;-radiation issues out of nucleus then neither the charge 
number Z not the mass number A of the nucleus undergoes any 
change. It is due to the fact that a y-radialion is simply a photon 
that has neither any charge nor any mass. Its emission from the 
nucleus has some resemblance with the emission of a photon 
of light from an atom. We know that when any electron of an 
‘atom absorbs energy it jumps from the ground state to a higher 
‘energy state and the atom becomes excited, When the electron 
El GE iR ofthis excited atom retums to its ground state then it emits the 
absorbed energy in the form of a photon. In much the same way 
f-decayoccurswhenaneutoninan — the nucleus is sometimes excited to a higher state following the 
e endeten da sactan emission of a or [-partice. This excited state of the nucleus is 
beingemedashep-patide.Imwe unstable state, in coming back to its ground state from the 
. ^ Excited state, »-radialion is emitted. 


The emission of y-radiation from a nucleus is generally 
represented by this equation 
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4X —+ N radiation 


Here ^X^ represents an excited nucleus while 2X shows 
ground state of the nucleus. 


We have seen that whenever an d or f-particle is emitted 
from a radioactive element, it is transformed into some other 
element. This radioactive decay process is quite random and 
is not subjected to any symmetry. This means that we cannot 
foretell about any particular atom as to when will it decay. It 
could decay immediately or it may remain unchanged for 
millions of year. Thus we cannot say anything about the life of 
any particular atom of a radioactive element. 


Let us take the example of a city with a population of one 
million and we know that on the average ten person die every 
day, Even with this knowledge we cannot say with certainty 
that which particular person will die on which particular day. 
We can only say that on the whole ten person will die. The 
greater the population of the city, the greater the accuracy of 
such predictions. Like the population of a city, it is not 
possible to talk about an atom of a radioactive element. For 
more accurate result we always talk about large groups of 
atoms and laws of statistics are applied upon them. Let us 
suppose that we bring a group of 100,000 atoms under 
consideration and wait till such time that half of these i. 
50,000 decay into their daughter element. This time is called 
the half-life T, of this element. If the half-life of the said 
element be one day, then after one day only 25,000 atoms 
will remain behind and after two days 12,500 atoms will 
remain behind. Thatis with the passage of every one day, the 
number of atoms remaining behind becomes half of the 
number already present. This example provides us the 
definition of half-life of a radioactive element i.e. 


Besides getting the definition of half-life we can deduce two 
other conclusions from this example. These are, firstly no 
radioactive element can completely decay. It is due to the 
reason hat in any half-life period only half of the nuclei decay 
and in this way an Infinite time Is required for all the atoms to 
decay. 
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Secondly, the number of atoms decaying in a particular 
period is proportional to the number of atoms present in the 
beginning of the period. If the number of atoms to start with is 
large then a large number of atoms will decay in this period 
and if the number of atoms present in the beginning is small 
then less atoms will decay. 

We can represent these results with an equation. If at any 
particular time the number of radioactive atoms be N, then in 
an interval At, the number of decaying atom, AN is proportional 
tothe time interval At and the number of atoms N, i.e., 


AN=-NAt 
(SSE SEINE NES) 


where 2. is the constant of proportionality and is called decay 
constant. Eq. 21.8 shows that if the decay constant of any 
elementis large then in a particular interval more of its atoms 
will decay and if the constant 2, is small then in that very 
interval less number of atoms will decay. From Eq, 21.8 we 
can define decay constant as given below 


At 
here AN/N is the fraction of the decaying atoms. Thus decay 
constant of any element is equal to the fraction of the 
decaying atoms per unit time. The unit of the decay constant 
iss", The negative sign in the Eq. 21.8 indicates the decrease 
inthe number of atoms N. 


The decay ability of any radioactive element can be shown by 
a graphie method also. 


We know that every radioactive element decay at a particular 
rate with time. If we draw a graph between number of atoms in 
the sample of the radioactive element present at different times 
and the time then a curve as shown in Fig. 21.6 will be 
obtained. This graph shows that in the beginning the number of 
0 Te eee, atoms present in the sample of the radioactive element was N, 
Rage SE with the passage of time the number of these atoms decreased 
JE MET SER due to their decay. This graph is called decay curve. 
7 Afiera period of one haltife N, / 2 number of atoms of this 
" PE radioactive element are left behind. If we wait further for 
another half-period then half of the remaining N, / 2 atoms 
decay, and 1/2xN,/2 - (1/2) N, atoms remain behind. After 


af aj 


Number of radioactive nuclei (N) —> 
wl 
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the expiry of further period of a halflife, half of the remaining 
(1/2) N, atoms decay. The number of atoms that remain un- 
decayed is 1/2 x (1/2) N, (1/2) N, We can conclude from 
this example that if we have N, number of any radioactive 
element then after a period of n half-lives the number of 
atoms left behindis (1/2 N,- 


It has been found that the estimate of decay of every 
radioactive element is according to the graph of Fig.21.6 but 
the half-life of every radioactive element is different. For 
example the half-life of uranium-238 is 4.5 x 10° years while 
the half-life of radium-226 is 1620 years. The half-life of some 
radio active elements is very small, for example, the half-life 
of radon gas is 3.8 days and that of uranium-239 is 23.5 
minutes. 


From the above discussion itis found that the estimate of any 
radioactive element can be made from its halflife or by 
determining its decay constant A. It can be proved with the 
help of calculus that the following relations exist between the 
decay constant. and the half-life T... 


Eq. 21.9 shows that if the decay constant / of any radioactive 
elementis known, its half-life can be found. 


Any stable element, besides the naturally occurring 
radioactive element, can be made radioactive. For this very 
lement, 


becoming unstable become radioactive peleen Sen 
radioactive elements are called artificial radioactive 
elements. 


Thus 48 days after the receipt, the amount of iodin 
behindis only 0.3125 mg. 2 


An o-particle travels a well defined distance in a medium 
before coming to rest. This distance is called the range of the 
particle. As the particle passes through a solid, liquid or gas, it 
loses energy due to excitation and ionization of atoms and 
molecules in the matter. The ionization may be due to direct 
elastic collisions or through electrostatic attraction, lonization 
is the main interaction with matter to detect the particle or to 
measure its energy. The range depends on the 


i, charge, mass and energy of the particle and 
|. the density of the medium and ionization potentials 
of the atoms of the medium. 


Since a-particle is about 7000 times more massive than an 
electron, so it does not suffer any appreciable deflection from 
its straight path, provided it does not approach too closely to 
the nucleus of the atom. Thus a-particle continues producing 
intense ionization along its straight path tl it loses all its energy 
and comes almost to rest. It, then, captures two electrons from 
the medium and becomes a neutral helium atom 


fi-particles also lose energy by producing ionization. However, 
its ionizing ability is about 100 times less than that of o- 
particles. As a result its range is about 100 times more than a- 
particles. f-particles are more easily deflected by collisions 
than heavy o-particles. Thus the path of [particles in matter is 
not straight but shows much straggling or scattering. The 
range of f-particles is measured by the effective depth of 
Penetration into the medium not by the length of erratic path. 
‘The more dense the material through which the particle 
moves, the shorter its range will be. 
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a and f--particles both radiate energy as X-ray photons when 
they are slowed by the electric field of the charged particles in 
solid material. 


Photons of y-rays, being uncharged, cause very little 
ionization. Photons are removed from a beam by either 
scattering or absorption in the medium. They interact with 
matter in three distinct ways, depending mainly on their 
energy. 


() ^ At low energies (less than about 0.5 MeV), the 
dominant process that removes photons from a beam 
is the photoelectric effect. 


(i) At intermediate energies, the dominant process is 
Compton scattering. 

(ii) At higher energies (more than 1.02 MeV), the 
dominant process is pair production, 


In air y-rays intensity falls off as the inverse square of the 
distance from the source, in much the same manner as light 
from a lamp. In solids, the intensity decreases exponentially 
with increasing depth of penetration into the material. The 
intensity /, of a beam after passing through a distance xin the 
medium is reduced to intensity / given by the relation 1 


where y Is the linear absorption coefficient of the medium. 
This coefficient depends on the eneray of the photon as well 
as on ine properties ofthe medium. _ 


Charged particles a or q and y-radiation produce fluorescence 
or glow on striking some substance like zinc sulphide, sodium 
iodide or barium platinocyanide coated screens, 


Neutrons, being neutral particles, are extremely penetrating 
particles. To be stopped or slowed, a neutron must undergo a 
direct collision with a nucleus or some other particle that has 
a mass comparable to that of the neutron. Materials such as 
water or plastic, which contain more low-mass nuclei per unit 
volume, are used to stop neutrons. Neutrons produce a little 
indirect ionization when they interact with materials 
containing hydrogen atoms and knock out protons. 
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Characteristics |  -particles fparticles stays 
1. Nature Helium nuclei of | Electrons or positrons from | E. M. waves from 
charge 2e the nucleus of charge e | excited nuclei with no 
2. Typical Radon-222 — | Strontium-94 Cobalt-60 
sources. 
3. lonization About 10* ‘About 10° About 1 
(lon pairs mni in air) 
4. Range in air Several Several metres Obeys inverse square 
centimetres law 
5. Absorbed by | Apaper 1-8 mm of Al sheet 1-10 cm of lead sheet 
6. Energy Emitted with the | Variable energy Variable energy 
‘spectrum same energy. 
7. Speed ~10" ms? 71x 10° ms" -3x 10 ms" 


Nuclear radiations cannot be detected by our senses, hence, 
we use some observable detecting methods employing the 
interaction of radiation with matter. Most detectors of 
radiation make use of the fact that ionization is produced 
along the path of the particle. These detectors include Wilson 
cloud chamber, Geiger counter and solid state detectors. 


It is a device which shows the visible path of an ionizing 

Camera particle. It makes use of the fact that supersaturated vapours 
condense preferentially on ions. If an ionizing particle passes 
through a region in which cloud droplets are about to form, the 
droplets will form first along the particle's path, showing the 
path as a trail of droplets. The apparatus consists of a 
cylindrical glass chamber closed at the upper end by a glass 
window and at the lower end by a movable piston (Fig. 21.7).A 
black felt pad soaked in alcohol is placed on a metal plate 
inside the chamber. The air soon becomes saturated with 
alcohol vapours. A rapid expansion is produced by pulling 
quickly the piston of the bicycle pump having the leather 
Mition.Glond Cont washer reversed so that it removes air. The sudden cooling 
Fig. 21.7 resulted from adiabatic expansion helps to form 
supersaturated vapours. As radiation passes through the 

chamber, ions are produced along the path. The tiny droplets 
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of moisture condense about these ions and form vapour tracks 
showing the path of the radiation. These are the atomic versions 
of the ice crystals left in the sky by a jet plane when suitable 
conditions exist. The fog tracks are illuminated with a lamp and 
may be seen or photographed through the glass window. 

The a-particles leave thick, straight and continuous tracks 
due to intense ionization produced by them as shown in 
Fig. 21.8 (a), B-particles form thin and discontinuous tracks 
extending in erratic manner showing frequent deflections 
(Fig. 21.8 b) and y-rays leave no definite tracks along their 
path (Fig. 21.8 c). The length of the cloud tracks has been 
found proportional to the energy of the incident particle. A 
high potential difference of the order of 1 kV between the top 
and bottom of the chamber provides an electric field which 
clears away all the unwanted ions from the chamber to make 
itready for use. The tracks seen are, therefore, those of rays 
that pass the chamber as the expansion occurs. 


The chamber may be placed in a strong magnetic field 
which will bend the paths providing information about the 
charge, mass and energy of the radiating particle. In this 
way, it has helped in the discovery of many new particles. 


M 


Geiger-Muller tube is a well-known radiation detector 
(Fig. 21.9 a). The discharge in the tube results from the 
ionization produced by the incident radiation. It consists 
of a stiff central wire acting as an anode in a hollow metal 
cylinder acting as a cathode filled with a suitable mixture 
of gas at about 0.1 atmospheric pressure. One end of the 
tube has a thin mica window to allow the entry of œ or 
p-particles and other end is sealed by non-conducting 
material and carries the connecting pins for the two 
electrodes. A high potential difference, (about 400 V for 
neon-bromine filled tubes) but slightly less than that 


Fig. 21.9 (a) Geiger - Muller Tube. 


v 


(s) a- Particle 


4 


(o) f-Parlicle 


(b) GM. Tube with scaler unit 
Fig. 24,9 


necessary to produce discharge through the gas is 
maintained between the electrodes. When radiation 
enters the tube, ionization is produced. The free 
electrons are attracted towards the positively charged 
central wire. As they are accelerated towards the wire 
by a strong electric field, they collide with other 
molecules of the gas and knock out more electrons 
which in turn do the same and produce a cascade of 
electrons that move towards the central wire. This 
makes a short pulse of electric current to pass through 
an external resistor. It is amplified and registered 
electronically. The counter, which also provides the 
power, is called a scaler. 


The cascade of electrons produced by the entry of an 
ionizing particle is counted as a single pulse of approximately 
of the same size whatever the eneray or path of the particle 
maybe. It cannot, thus, discriminate between the energies of 
the incident particle as output pulses are same. The entire 
electron pulse takes less than 1u s. However, positive ions, 
being very massive than the electrons, take several hundred 
limes as long to reach the outer cathode. During this time, 
called the dead time ("10° s) of the counter, further incoming 
particles cannot be counted. When positive ions strike the 
cathode, secondary electrons are emitted from the surface. 
These electrons would be accelerated to give further 
spurious counts. This is prevented by mixing a small amount 
of quenching gas with the principal gas. 


The quenching gas must have an ionization potential lower 
than that of inert or principal gas. Thus, the ions of quenching 
gas reach the cathode before principal gas ions, When they 
reach near the cathode, they capture electrons and become 
neutral molecules. Following neutralization, the excess 
energy of the quenching molecules is dissipated in 
dissociation of the molecules rather than in the release of 
electrons from the cathode. For example, bromine gas is 
added to neon gas. The bromine molecules absorb energy 
from the ions or secondary electrons and dissociate into 
bromine atoms. The atoms then readily recombine into 
molecules again for the next pulse. The gas quenching is 
called self quenching. Although all commercial Geiger tubes 
are self quenched, it is common practice to use electronic 
quenching in addition. For this purpose, a large negative 
voltage is applied to the anode immediately after recording 
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the output pulse. This reduces the electric field bleow the 
critical value for ionization by collision. The negalive voltage 
remains until all the positive ions are collected at cathode 
thus preventing secondary pulses. 

Geiger counter can be used to determine the range or 
penetration power of ionizing particles. The reduction in the 
count rate by inserting metal plates of varying thickness 
between the source and the tube helps to estimate the 
penetration power of the incident radiation. 

Geiger counter is not suitable for fast counting. Itis because 
of ils relatively long "dead time" of the order of more than a 
millisecond which limits the counting rate to a few hundred 
counts per second. If particles are incident on the tube at a 
faster rate, not all of them will be counted since some will 
arrive during the dead time. Solid state detectors are fast 


s more efficient and accurate. 


A solid state detector is a specially designed p-n Junction 
(Fig. 21.10) operating under a reversed bias in which 
electron-hole pairs are produced by the incident radiation to 


cause a current pulse to flow through the extemal circuit. The To 


detector is made from a p-type silicon or germanium. An n- 
type thin layer is produced by doping the top surface with 
lonor type impurity. The top and bottom surfaces are coated 
with a thin layer of gold to make good conducting contact with 
external circuit. The combined thickness of 
nt and gold layer absorbs so less energy of the incident 
ticle that the junction may be assumed to be situated at 
front surface. This is known as the surface barrier type 
detector. A reverse bias is applied through the two 
conducting layers of gold. This enlarges the charge free 
region around the junction called depletion region. Normally 
no current flows through the circuit. When an incident particle 
penetrates through the depletion region, it produces 
electron-hole pairs. These mobile charge carriers move 
towards the respective sides due to applied electric field. This 
gives rise to a current In the external circuit due to which a 
pulse of voltage is generated across the resistance R. This 
pulse is amplified and registered by a scaler unit. The size of 
the pulse is found proportional to the energy absorbed of the 
incident particle. The energy needed to produce an electron- 
hole pairis about 3 eV to 4 eV which makes the device useful 
for detecting low energy particles. The collection time of 
electrons and holes is much less than gas filled counters and 
hence a solid state detector can count very fast. It is much 
smaller in size than any other detector and operates at low 
Voltage. The above mentioned type detector is used for 
detecting « or p-particles but a specially designed device 
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can be used for ;-rays. 


While studying radioactivity, we have seen that an a 
particle is emitted from radium-226 and radon-222 is 
obtained. This nuclear change is represented by the 
following equation 

"Ra —> *ZRn + iHe 


Such an equation represents a nuclear reaction. Above 
mentioned nuclear reaction takes place on its own accord. 
However, it was Rutherford who, first of all, expressed his 
opinion that besides natural radioactive decay processes, 
other nuclear reactions can also occur. A particle x is 
bombarded on any nucleus X and this process yield a 
nucleus Y and a light object y as given below 


X+x > Y+y 


. | Rutherford performed an experiment on the nuclear reaction 
in 1918. He bombarded a-particles on nitrogen. He observed 
that as a result of this reaction, oxygen is obtained and a 
proton is emitted. That is 
Proton N “N+ iHe — 10 « 1H 


This reaction indicated that when a-particle enters the 
nucleus. of '?N, then an excitation is produced ín it. And as a 
result of it 30 and a proton are produced. Since the 
experiment of Rutherford, innumerable nuclear reactions 
have been observed. For nuclear reactions to take place, the 
fulfillment of certain conditions is a must. 


Before and after any nuclear reaction the number of protons 
and neutrons must remain the same because protons and 
neutrons can neither be destroyed nor can they be created, 
We elaborate this point from the example of Rutherford's 
nuclear reaction of N and3He, here 


SN 2He—— 0+ JH 
Numberof protons 
Number of neutron: 


example 
and zwe in this reaction the mass of the reactants is 
238 


Massof'N -14.0031u 
Mass of $He -4.0026u 
Total mass of the reactants = 18.0057 u 
Inthe same way the mass of the products is 
Mass of 10 = 16.9991 u 
Massof |H =1.0078u 
Total mass of the products after the reaction = 18.0069 u 


This shows that the total mass after the reaction is greater 
than the total mass before the reaction by 0.0012 u. We know 
that a 1u mass = 931 MeV energy, therefore,a mass 
difference of 0.0012u is equivalent to an energy of 
931 MeV x 0.0012 u = 1.13 MeV. Hence this reaction is 
possible only when an additional mass of 0.0012 u is added 
into the reactants or the minimum kinetic energy of the a- 
particle is 1.13 MeV such as obtained from?! po. The energy 
of these o-particles is equal to 7.7 MeV which is greater than 
1.13 MeV. Had these a-particles been obtained from a 
source that give out a-particles whose energy was less than 
1.13 MeV then this reaction would not have taken place. 


From the conditions described above we can tell whether any 
nuclear reaction is possible or not. There is an interesting 
aspect in a nuclear reaction that it can take place in the 
opposite direction also. We know that O is obtained by the 
interaction'N with an a-particle of appropriate energy. If we 
accelerate protons, with the help of a machine like cyclotron, 
and increase their velocity and then bombard these high 
velocity protons on j O. Rutherford's nuclear reaction of "$N 
and a-patticle will proceed in the backward direction as 
30 IH——9 ,. 3He 

By bombarding different elements with a-particles, protons 
and neutrons, many nuclear reactions have been produced. 
Now we describe one such nuclear reaction with the help of 
which James Chadwick discovered neutron in 1932. When 
Be was bombarded with a-particles emitted out of "Po , 
then as a result of a nuclear reaction, ;C and a neutron were 
obtained. This reaction is shown below with an equation 


{Be+ jHe— '$C + on 
As neutron carries no charge, therefore, it presented 
a great amount of difficulty for its identification. Anyhow 
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when neutrons were passed through a block of paraffin, fast 
moving protons were ejected out and these were easily 
identified. It may be remembered that a large amount of 
hydrogen is present in paraffin and the nuclei of hydrogen 
atoms are protons. The emission of protons is the 
consequence of elastic collisions between the neutrons and 
the protons. This indicates that the mass of neutron is equal 
to the mass of the proton. It may be remembered that when 
an object of certain mass collides with another object of equal 
mass at rest, then as a result of elastic collision, the moving 
object comes to rest and the stationary object begins to move 
with the velocity of the colliding object. The discovery of 
neutron has brought in a revolution in nuclear reactions, as 
the neutrons carry no charge so they can easily enter the 
nucleus. Fig. 21.11 shows the arrangement of Chadwick's 
experiment for the discovery of neutron. 


Otto Hahn and Fritz Strassmann of Germany while working 
upon the nuclear reactions made a startling discovery, They 
observed that when slow moving neutrons are bombarded 
on*23U, then as a result of the nuclear reaction's'Ba,%Kr and 
an average of three neutrons are obtained. It may be 
remembered that the mass of both krypton and barium is less 
than that of the mass of uranium. This nuclear reaction was 
different from hither to studied other nuclear reactions, in two 
ways. First as a result of the breakage of the uranium 
nucleus, two nuclei of almost equal size are obtained, 
whereas in the other nuclear reactions the difference 
between the masses of the reactants and the products was 
not large. Secondly a very large amount of energy is given 
outin this reaction. 


Fission reaction of U can be represented by the equation 
U (m — "Bas Kr«3]n«Q 


here Q is the energy given out in this reaction. By 
comparing the total energy on the left side of the 
equation with total energy on the right side, we find that 
in the fission of one uranium nucleus about 200 MeV 
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energy is given out. It may be kept in mind that there is no 
difference between the sum of the mass and the charge 
numbers on both sides of the equation. Fission reaction 
is shown in Fig. 21.12 (a) and (b). Fission reaction can 
be easily explained with the help of graph of Fig. 21.4. 
This graph shows that the binding energy per nucleon is 
greatest for the middle elements of the periodic table and 
this binding energy per nucleon is a little less for the light 
or very heavy elements i.e., the nucleons in the light or 
very heavy elements are not so rigidly bound. For 
example the binding energy per nucleon for uranium is 


00 


Fig. 21.12 Process of Fission reaction 


about 7.7 MeV and the products of the fission reaction of 
uranium, namely barium and krypton, have binding 
energy of about 8.5 MeV per nucleon. Thus when a 
uranium nucleus breaks up, as a result of fission reaction, 
into barium and krypton, then an energy at the rate of 
(8.5-7.6)- 0.9 MeV per nucleon is given out. This means 
that an energy 235 x 0.9 = 211.5 MeV is given out in the 
fission of one uranium nucleus. 


The fission process of uranium does not always produce the 
same fragments (Ba, Kr). In fact any of the two nuclei present 
in the upper horizontal part of binding energy could be 
produced. Two possible fission reactions of uranium are given 
below as an example: 


3EU In s- -a jn+Q 
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Fig 24.44 


20 in — e 82 

Hence in the uranium fission reaction several products may 
be produced. All of these products (fragments) are 
radioactive. Fission reaction is not confined to uranium alone; 
itis possible in many other heavy elements. However, it has 
been observed that fission takes place very easily with the 
slow neutrons in uranium-235 and plutonium-239, and mostly 
these two are used for fission purposes, 


vain Reactioi 


We have observed that during fission reaction, a nucleus of 
uranium-235 absorbs a neutron and breaks into two nuclei of 
almost equal masses besides emitting two or three neutrons. 
By properly using these neutrons fission reaction can be 
produced in more uranium atoms such that a fission reaction 
can continuously maintain itself. This process is called 
fission chain reaction. Suppose that we have a definite 
amount of 20 anda slow neutron originating from any 
source produces fission reaction in one atom of uranium. Out 
of this reaction about three neutrons are emitted. If 
conditions are appropriate these neutrons produce fission in 
some more atoms of uranium. in this way this process 
rapidly proceeds and in an infinitesimal small time a large 
amount of energy along with huge explosion is produced. 
Fig.21.13is the representation of fission chain reaction. 


It is possible to produce such conditions in which only one 
neutron, out of all the neutrons created in one fission reaction, 
becomes the cause of further fission reaction. The other 
Neutrons either escape out or are absorbed in any other 
medium except uranium. In this case the fission chain 
reaction proceeds with its initial speed. To understand these 
conditions carefully look at Fig. 21.14. In Fig. 21.14 (a) a 
fission reaction in a thin sheet of 50 is shown to be in 
progress. The resulting neutrons scatter in the air and so they 
cannot produce any fission chain reaction. Fig. 21,14 (b) 
shows some favourable conditions for chain reaction. Some 
of the neutrons produced in the first fission reaction produce 
only one more fission reaction but here also no chain reaction 
is produced. In Fig. 21.14 (c) a sphere of 10 is shown. Ifthe 
sphere is sufficiently big, then most of the neutrons produced 
by the fission reaction get absorbed in 0 before they 
escape out of the sphere and produce chain reaction. Sucha 
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mass of uranium in which one neutron, out of all the neutrons. 
produced in one fission reaction, produces further fission is 
called critical mass. The volume of this mass of uranium is 
called critical volume. 


If the mass of uranium is much greater than the critical 
mass, then the chain reaction proceeds ata rapid speed 
and a huge explosion is produced. Atom bomb works at 
this principle. If the mass of uranium is less than the 
critical mass, the chain reaction does not proceed. If 
the mass of uranium is equal to the critical mass, the 
chain reaction proceeds at its initial speed and in this 
way we get a source of energy. Energy, in an atomic 
reactor, is obtained according to this principle. The 
chain reaction is not allowed to run wild, as in an atomic 
bomb butis controlled by a series of rods, usually made 
of cadmium, that are inserted into the reactor. Cadmium 
is an element that is capable of absorbing a large 
number of neutrons without becoming unstable or 
radioactive. Hence, when the cadmium control rods are 
inserted into the reactor, they absorb neutrons to cut 
down on the number of neutrons that are available for 
the fission process. In this way the fission reaction is 
controlled. 


In a nuclear power station the reactor plays the same part 
as does furnace in a thermal power station. In a furnace, 
coal or oil is burnt to produce heat, while in a reactor fission 
reaction produces heat. When fission takes place in the 
atom of uranium or any other heavy atom, then an energy at 
the rate of 200 MeV per nucleus is produced. This energy 
Appears in the form of kinetic energy of the fission 
fragments. These fast moving fragments besides colliding 
with one another also collide with the uranium atoms. In this 
way their kinetic energy gets transformed in heat energy. 
This heats used to produce steam which in turn rotates the 
turbine. Turbine rotates the generator which produces 
electricity. A sketch of a nuclear power station is shown in 
Fig. 21.15. 
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Areactor usually has fourimportant parts. These are: 


1 


The most important and vital part of a reactor is called 
core. Here the fuel is kept in the shape of cylindrical 
tubes. Reactor fuels are of various types. Uranium 
was used as fuel in the elementary reactors. In this 
fuel the quantity of "3U is increased from 2 to 4 
ent. It may be remembered that the quantity of 

20 in the naturally occurring uranium is only 0.7 
percent. Now-a-days plutonium-239 and uranium- 
233are also being used as fuel. 


The fuel rods are placed in a substance of small 
atomic weight, such as water, heavy water, carbon or 
hydrocarbon eic. These substances are called 
moderators. The function of these moderators is to 
slow down the speed of the neutrons produced 
during the fission process and to direct them towards. 
the fuel. Heavy water, it may be remembered, is 
made of H_, a heavy isotope of hydrogen instead of 
3H. The neutrons produced in the fission reaction are 
very fast and energetic and are not suitable for 
producing fission in reactor fuel like *35U or?2?Pu etc. 
For this purpose slow neutrons are more useful. To 
achieve this, moderators are used. 


Besides moderator there is an arrangement for the 
control of number of neutrons, so that of all the 
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neutrons produced in fission, only one neutron 
produces further fission reaction. The purpose is 
achieved either by cadmium or by boron because 
they have the property of absorbing fast neutrons. 
The control rods made of cadmium or boron are 
moved in or out of the reactor core to control the 
neutrons that can initiate further fission reaction. In 
this way the speed of the chain reaction is kept under 
control. In case of emergency or for repair purposes 
control rods are allowed to fall back into the reactor. 
and thus stop the chain reaction and shut down the 
reactor. 


4 Heatis produced due to chain reaction taking place in 
the core of the reactor, The temperature of the core, 
therefore, rises to about 500 C. To produce steam 
from this heat, itis transported to heat exchanger with 
the help of water, heavy water or any other liquid 
under high pressure. In the heat exchanger this heat 
is used to produce high temperature steam from 
ordinary water. The steam is then used to run the 
turbine which in turn rotates the generator to produce 
electricity. The temperature of the steam coming out 
of the turbine is about 300°C, This is further cooled to 
convert it into water again. To cool this steam. water 
from some river or sea is, generally, used. In Karachi 
nuclear power plant (KANUP), heavy water is being 
used as a moderator and for the transportation of 
heat also from the reactor core to heat exchanger, 
heavy water is used. To cool steam coming out of the 
turbine, sea wateris being used. 


The nuclear fuel once used for charging the reactor can keep 
on operation continuously for a few months. There after the 
fissile material begins to decrease. Now the used fuel is 
removed and fresh fuel is fed instead. In the used up fuel 
intensely radioactive substances remain. The half-life of 
these radioactive remnant materials is many thousand years. 
The radiations and the particles emitted out of this nuclear 
waste is very injurious and harmful to the living things. 
Unfortunately there is no proper arrangement of the disposal 
of the nuclear waste. This cannot be dumped into oceans or 
left in any place where they will contaminate the 
environment, such as through the soil or the air. They must 
not be allowed to get into the drinking water. The best place 
so far found to store these wastes is in the bottom of old salt 
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mines, which are very dry and are thousands of metres below 
the surface of the Earth. Here they can remain and decay 
without polluting the environment. 


Types of Reactor 
There are two main types of nuclear reactors. These are: 
(i) Thermal reactors. (i) ^ Fastreactors 


The thermal reactors are called “thermal” because the 
neutrons must be slowed down to "thermal energies" to 
produce further fission. They use natural uranium or slightly 
enriched uranium as fuel. Enriched uranium contains a 
greater percentage of U-235 than natural uranium does. 
There are several designs of thermal reactors. Pressurized 
water reactors (PWR) are the most widely used reactors in 
the world. In this type of reactors, the water is prevented from 
boiling, being kept under high pressure. This hot water is 
used to boil another circuit of water which produces steam for 
turbine rotation of electricity generators. 


Fast reactors are designed to make use of U-238, which is 
about 99% content of natural uranium. Each U-238 nucleus 
absorbs a fast neutron and changes to plutonium-239. 


y + In — Np +B 


"Np —> pu + 4p 

An induced nuclear reaction in Plutonium can be fissioned by fast neutrons, hence, 

Mhen "ial Manemuted inio moderator is not needed in fast reactors. The core of fast 

Wuonum Pp, r "IP"! reactors consists of a mixture of plutonium and uranium 
* dioxide surrounded by a blanket of uranium-238. 


Neutrons that escape from the core interact with uranium- 
238 in the blanket, producing thereby plutonium-239. Thus 
more plutonium fuel is bred in this way and natural uranium is 
used more effectively. 


We know that the energy given out per nucleon per fission of 
heavy element like that of uranium is 0.9 MeV. Itis due to the 
fact that the binding energy per nucleon of the fission 
fragments is greater than uranium. In fact energy is obtained 
from any nuclear reaction in which the binding energy per 
nucleon of the products increases. Is there any other reaction 
besides the fission reaction from which energy could be 
obtained? In order to answer this question we must ponder 
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overFig.21.4 again. Thisgraph shows that the binding energy 
per nucleon increases upto A = 50. Hence when two light 
nuclei merge together to form a heavy nucleus whose mass 
number A is less than 50, then energy is given out. In section 
on "Mass Defect and Binding Energy" we have observed that 
when two protons and two neutrons merge to form a helium 
nucleus, then about 28 MeV energy is given out. 


During a fusion reaction some mass is lost and its equivalent 
energy is given out. In a fusion reaction, more energy per 
nucleon can be obtained as compared to the fission reaction. 
But unfortunately it is comparatively more difficult to produce 
fusion. Two positively charged light nuclei must be brought 


very close to one another. To do so work has to be done 
against the electrostatic force of repulsion between the 
positively charged nuclei. Thus a very large amount of 
energy is required to produce fusion reaction. Itis true that a 
greater amount of energy can be obtained during a fusion 
reaction compared to that produced during a fission reaction, 
but in order to start this reaction a very large amount of 
energy is spent. On the contrary no difficulty is faced to start 
the fission reaction because neutron has no charge on it and 
t hes to face no repulsive force while reaching the nuclou: 


Let us now take the example of a fusion reaction when two 
deuterons are merged to form a helium nucleus, 24 MeV 
energy is released during this process i e. 
H+ H— iHe + 24MeV 

But there is a very little chance of the formation of 2He 
nucleus by the merger of two deuterons. The probability of 
‘occurring such a reaction is great where one proton or one 
neutron is produced as given below: 

3H+ 3H —> 3H +]H+4.0MeV 
or iHe 3H —— 3He+ jn«3.3MeV 
In both of these reactions about 1.0 MeV energy per nucleon 
is produced which is equal to the energy produced during 
fission. If Hand 3H are forced to fuse then 17.6 MeV energy 
isobtainedi.e., 

iHe 3H —> $He+ jn+17.6MeV 
We know that for fusion of two light nuclei the work has to be 
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done to overcome the repulsive force which exists between 
them. For this the two nuclei are hurled towards one another 
ata very high speed. One method to do so is to give these 
nuclei a very large velocity with the help of an accelerator. 
This method has been used in the research study of nuclear 
fusion of 24 and 3H But this method of nuclear fusion for 
getting energy cannot be used on a large scale. 


There is another method to produce fusion reaction t is 
based upon the principle that the speed of atoms of a 
‘substance increases with the increase in the temperature of 
that substance. To start a fusion reaction the temperature at 
which the required speed of the light nuclei can be obtained is 
about 10 million degrees celsius. At such extraordinarily high 
temperature the reaction that takes place is calied thermo- 
nuclear reaction. Ordinarily such a high temperature cannot 
be achieved. However during the explosion of am atom 
bomb this temperature can be had fora very short ume 


Until now the fusion reaction is taking place only in a 

hydrogen bomb. That extraordinary high temperature is 

obtained during the explosion of an atom bomb, due to this 

high temperature the fusion reaction between $H and 1H sete 

in. In this way a very large amount of energy Is given out with 
‘explosion. 


the 


A very large amount of energy can be had from a fusion 
reaction, but till now this reaction has not been brought under. 


control like a fission reaction and so is not being used to 
Lr Ettorts are in tut swing inthis eld and itis 


hoped that in near future some method would be found to 


een control this reaction as well 
cancer 


E The Sun is composed primarily of hydroger. It has a little 
amount of helium and a slight amount of other heavy 
elements. A tremendous amount of energy keeps issuing out 
of it continuously at all times. The temperature of its core is 
about 20 million degrees celsius and its surface temperature 
is about 6000 degrees celsius. Its energy is due to fusion 
reaction called p-p reaction, During this process two 
hydrogen nuclei or two protons fuse to from deuteron. This 
reaction takes place as 


jH+ IH — > He «Energy 


With the fusion reaction of deuteron with proton, 3He an 
isotope of helium is formedi.e., 
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2H4 1H —> jHesyEnergy 


In the last stage the two nuclei of He react in the following 
manner: 


3He+ iHe ——+ $He+ H= ]H «Energy 


In this reaction six protons take part and finally a helium 
nucleus and two protons are formed. That is, the result of 
different stages of this reaction is that four protons have 
formed one helium nucleus. It has been estimated that in this 
p-pchain reaction, 25.7 MeV energy is given outi.e., 6.4 MeV 
per nucleon energy is obtained which is much greater than 
the energy given out per nucleon (1 MeV) during a fission 
reaction. 


When a Geiger tube is used in any experiment, it records 
radiation even when a radioactive source is nowhere near it. 
This is caused by radiation called background radiation. It is 
partly due to cosmic radiation which comes to us from outer 
space and partly from naturally occurring radioactive 
substance in the Earth's crust. The cosmic radiation consists 
of high energy charged particles and electromagnetic 
radiation. The atmosphere acts as a shield to absorb some of 
those radiations as well as ultraviolet rays. In recent past, the 
depletion of ozone layer in the upper atmosphere has been 
detected which particularly filters ultraviolet rays reaching us. 
This may result in increased eye and skin diseases. The 
depletion of ozone layer is suspected to be caused due to 
excessive release of some chemicals in the atmosphere such 
as chloroflourocarbons (CFC) used in refrigeration, aerosol 
spray and plastic foam industry. Its use is now being replaced 
by environmentally friendly chemicals. Many building 
materials contain small amounts of radioactive isotopes. 
Radioactive radon gas enters buildings from the ground. It 
gets trapped inside the building which makes radiation levels 
much higher from radon inside than outside. A good 
ventilation can reduce radon level inside the building. All 
types of food also contain a little radioactive substance. The 
most common are potassium-40 and carbon-14 isotopes. 


Some radiation in the environment is added by human 
activities. Medical practices, mostly diagnostic X-ray 
probably contribute the major portion to it. Itis an unfortunate 
fact that many X-ray exposures such as routine chest X-ray 
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and dental X-ray are made for no strong reason and may do 
more harm than good. Every X-rays exposure should have a 
definite justification that outweighs the risk. The other 


‘Sources of natural radiation ^— sources include radioactive waste from nuclear facilities, 
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hospitals, research and industrial establishments, colour 
television, luminous watches and tobacco leaves. A smoker 
not only inhales toxic smoke but also hazardous radiation. 
Low level background radiation from natural sources is 
normally considered to be harmless. However, higher levels 
of exposure are certainly damaging. We cannot avoid 
exposure to radiation. However, the best advice is to avoid 
unnecessary exposure to any kind of ionizing radiation. 


= 


the units of radiation. The strength of the radiation source is 
indicated by its activity measured in becquerel (Bq). One 
becquerel is one disintegration per second. A larger unit is 
curie (Ci) which equals 3.7 x 10" disintegrations per second. 
The effect of radiation on a body absorbing it relates to a 
quantity called absorbed dose D defined as the energy E 
absorbed from ionizing radiation per unit mass m of the 
absorbing body, E 
D (21.10) 


^m 
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Its SI unit is gray (Gy) defined as one joule per kilogram. 
4 Gy=1 Jkg" 
An old unit is rad, an acronym for radiation absorbed dose. 
1 rad =0.01 Gy 
Equal doses of different radiations do not produce same 
biological effect. For the same absorbed dose, a-particies 
are 20 times more damaging than X-rays. The effect also 
depends on the part of the body absorbing the radiation. For 
example, neutrons are particularly more damaging to eyes 
than other parts of the body. To allow this, the absorbed dose 


is multiplied by a quality factor known as relative biological | year 


effectiveness or RBE (Table 21.2). The equivalent dose D, of 
any absorbed radiation is defined as the product of absorbed 
dose and RBE ofthe kind of radiation being absorbed. 


s D,- Dx RBE m (21.11) 
The SI unit of equivalent dose is sievert (Sv). 
1Sv=1Gyx RBE 
An old unit, the rem is equal to 0.01 Sv. 
1 rem = 0.01 Sv 


The background radiation to which we are exposed, on the 
average, is 2 mSv per year. Doses of 3 Sv will cause radiation 
bums to the skin. For workers in the nuclear facilities or 
mines, a weekly dose of 1 mSv is normally considered safe 
(Table 21.3). 


The damage from a-particles is small unless the source 
enters the body. a and f-particles can cause redness and 
sores on the skin. Some other low level radiation effects are 
loss of hair, ulceration, stiffening of the lungs, and a drop in 
the white blood cells which is followed by a sickness pattern 
of diarrhea, vomiting and fever known as radiation sickness 
(Fig. 21.16). High levels of radiation may disrupt the blood 
calls seriously leading to diseases such as anaemia and 
leukaemia. Chromosome abnormalities or mutation may 


cause delayed genetic effects such as cancer, eye cataracts 
and abnormalities in the future generations. These may 
develop many years after exposure to harmful radiation. 


dosage in effect 
mer sievert 


4000090|— death of 60 percent 
of people exposed 


Since 1 Gy is 1 J kg", hence total energy absorbed by the 
whole body =m D - 80x0.4 Gy - 32 J 


It is a very small amount of thermal energy. Obviously, the 
damage done by ionizing radiation has nothing to do with 
thermal energy. The harmful effects arise due to disruption of 
the normal functions of the tissues in which itis absorbed. 


Radioisotopes of many elements can be made easily by 
bombardment with neutrons and other particles. As such 
isotopes have become available and are inexpensive. their 
use in medicine, agriculture, scientific research and 
‘hahlevel medium anglowlevel. industries has expanded tremendously. 


.. Radioisotopes are used to find out what happens in many 
complex chemical reactions and how they proceed. Similarly 
in biology, they have helped in investigating into chemical 
reactions that take place in plants and animals. By mixing a 
small amount of radioactive isotope with fertilizer, we can 
easily measure how much fertilizer is taken up by a plant 

using radiation detector. From such measurements, farmers 
know the proper amount of fertilizer to use. Through the use of 

{Cs very ditet o dispose off — radiation-induced mutations, improved varieties of certain 

nhat es e viera Crops such as rice, chickpea, wheat and cotton have been 

24,00 years, therefore, i remains — developed. They have improved plant structure. The plants 

dangerous for about coe, — have shown more resistance to diseases and pest, and give 
better yield and grain quality. Radiation is also used to treat 
cancers. Radioactive tracers and imaging devices have 
helped in the understanding and diagnosis of many diseases. 


A radioactive isotope behaves in just the same way as the 
normal isotope inside a living organism. But the location and 
concentration of a radioactive isotope can be determined 
easily by measuring the radiation it emits. Thus, a radioactive 
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isotope acts as an indicatoror tracer that makes it possible to 
follow the course of a chemical or biological process. The 
technique is to substitute radioactive atoms for stable atoms 
of the same kind in a substance and then to follow the 
‘tagged’ atoms with the help of radiation detector in the 
process. Tracers are widely used in medicine to detect 
malignant tumors and in agriculture to study the uptake of a 
fertilizer by a plant. For example, if a plantis given radioactive 
carbon-14, it will use it in exactly the same way as it always 
uses stable carbon-12. But the carbon-14 releases 
f-radiations and thus by measuring radioactivity in different 
parts of the plant, the path taken by the carbon atoms can be 
known. This technique has helped to understand more 
elaborately the complex process of photosynthesis. The 
tracer technique was also used to identify faults in the 
underground pipes of the fountain system of the historical 
Shalimar gardens of Lahore by the scientists of Pakistan 
Atomic Energy Commission. 


‘Tracers are widely used in medicine to study the process of 
digestion and the way chemical substances move about in 
the body. 

Some chemicals such as hydrogen and sodium present in 
water and food are distributed uniformly throughout the body. 
Certain other chemicals are selectively absorbed by certain 
organs. Radio-iodine, for example, is absorbed mostly by the 
thyroid gland, phosphorus by bones and cobalt by liver. They 
can serve as tracers. Small quantity of low activity 
radioisotope mixed with stable isotope is administered by 
injection or otherwise to a patient and its location in diseased 
tissue can be ascertained by means of radiation detectors. 
For example, radioactive iodine can be used to check that a 
person's thyroid gland is working properly. A diseased or 
hyperactive gland absorbs more than twice the amount of 
normal thyroid gland. A similar method can be used to study 
the circulation of blood using radioactive isotope sodium-24. 
Experiments on cancerous cells have shown that those cells. 
that multiply rapidly absorb more radiation and are more 
easily destroyed than normal cells by ionizing radiation. 
Radiotherapy with y-rays from cobalt-60 is often used in the 
treatment of cancer. The ;-rays are carefully focussed on to 
the malignant tissue. Strict safety precautions are necessary 
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Fig. 21.17 


for both patient and attendant medical staff. Radioactive 
iodine-131 is used to combat cancer of the thyroid gland. 
Since iodine tends to collect in the thyroid gland, radioactive 
isotopes lodge where they can destroy the malignant cells. In 
some cases encapsulated "seeds" are implanted in the 
malignant tissue for local and short ranged treatment. For 
skin cancers, phosphorus-32 or strontium-90 may be used 
instead. These produce [-radiation. The dose of radiation 
has to be carefully controlled otherwise the radiation could do 
more damage than help. Patients undergoing radiation 
treatment often feel ill, because the radiation also damages 
the healthy cells. 


apf 


The y-rays radiographs are used in medical diagnosis such 
as internal imaging of the brain to determine precisely the 
size and location of a tumor or other parts of the body. Cracks 
or cavities in castings or pipes can also be detected by 
scanning, Any sudden increase in count rate indicates a 
cavity within the object. 


The gamma camera is designed to detect y-radiations from 
sites in the body where a y-emitting isotope is located. An 
image as shown in Fig. 21.17, consisting of many dots of the 
remitting sources in the patient body is formed, The camera 
Can also be used to obtain a sequence of images to observe 
anorgan such as a kidney in action. 


The man has always desired to comprehend the complexity of 
nature in terms of as few elementary concepts as possible. 
Among his quest, in Feynman's words, has been the one for, 
"wheels within wheels", the task of Natural Philosophy being to 
discover the inner most wheels if any such exist. Asecond quest. 
has concentrated itself with the fundamental forces, which make 
the wheels go round and enmesh with one another. 


Although we have been familiar with the basic forces and 
about some of the basic building blocks of the matter, but 
here we are going to study the modern concepts about both 
ofthese. We knowthatthe basic forces are: 


1. Gravitationalforce 2. ^ Magneticforce 
? Electricforce 4. Weak nuclear force 
5. Strong nuclearforce 
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The electric and magnetic forces were unified to get an 
electromagnetic force by Faraday and Maxwell, who were 
able to prove that a current is induced in a coil whenever the 
magnetic flux passing through the coil is changed; leaving 
behind four fundamental forces, the strong nuclear force, the 
electromagnetic force, the weak nuclear force and the 
gravitational force. These four fundamental forces of nature 
have seemed for some time quite different from one another. 
Despite its different effective strength, the strong nuclear 
force is effective only within sub-nuclear distances and 
therefore, confines the neutrons and protons within the 
nucleus. The electromagnetic force is long-range and causes. 
all chemical reactions. It binds together atoms, molecules, 
crystals, trees, buildings and you. This force acting on a 
microscopic level is responsible for a variety of 8 0 
different macroscopic forces such as friction, cohesion and 
adhesion. The weak nuclear force is short range, like the 
strong nuclear force, and is responsible for spontaneous 
breaking up of the radioactive elements. It is a sort of 
repulsive force of very short range (10” m). It is usually 
masked by the effect of the strong and electromagnetic 
forces inside the nuclei. The gravitational force, like the. 
electromagnetic force, is again long range, extending upto 
and beyond the remotest stars and galaxies. It keeps you, the 
atmosphere and the seas fixed to the surface of the planet. It 
gives rise to the ocean tides and keeps the planets moving in 
their orbits around the Sun. 


These widely disparate properties of the four basic forces 
have not stopped the scientists from finding a common cause 
for them all. 


One hundred years after the unification of electric and 
magnetic forces into electromagnetic force, in 1979, the 
physics nobel prize was conferred on Glashow, Weinberg 
and Abdus Slam for the unification of electromagnetic and 
weak forces. 


It Is further expected that a strong nuclear force will 
eventually unite with electroweak force to make up a single 
entity resulting in the grand unified electro-nuclear force. 


‘Subatomic particles are divided into three groups. 
1. Photons 2. Leptons 3. Hadrons 
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Elementary particles are the basic building blocks of matter. 
Ali photons and leptons are elementary particles. Hadrons 
are not elementary particles but are composed of elementary 
particles called quarks. Scientists now believe that all matter 
belongs to either the quark group or the lepton group. 


Hadrons are particles that experience the strong nuclear force. 
In addition to protons, neutrons and mesons are hadrons. The 
particles equal in mass or greater than protons are called 
baryons and those lighter than protons are called mesons. 


Leptons are particles that do not experience strong nuclear 
force. Electron, muons and neutrinos are leptons. 


According to quark theory initiated by M, Gell-Mann and 
G Zweig, the quarks are proposed as the basic building 
blocks of the mesons and baryons. A pair of quark and 


w antiquark makes a meson and 3 quarks make a baryon. Itis 

28 · aet proposed that there are six quarks, the (1) up (2) down (3) 

— strange (4) charm (5) bottom and, (6) top. The charges on 
these quarks are fractional as shown in Table 21.5. 

Aproton is assumed to be made up of two up quarks and one 

down quark as shown in Fig.21.18 a. The neutron is assumed 

tobe made of one up quark and two down quarks as shown in 

Fig. 21.18 (b). Currently, the hundred of hadrons can be 

accounted for in terms of six quarks and their antiquarks. It is 

a believed that quarks cannot exist on their own, their 

20-18-4820 ‘existence has been indirectly verified, 
Fig, 21.18 
me combines number of all the protons and neutrons in a nucleus is known as mass 


number and is denoted by A. 
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The protons and neutrons present in the nucleus are called nucleons. 


The number of neutrons present in a nucleus is called its neurons number and is 
denoted by N. 

The number of protons inside a nucleus or the number of electrons outside of the nucleus. 
is called the atomic number or the charge number of an atom and is denoted by Z. 
Isotopes are such nuclei of an element that have the same charge number Z, but 
have different mass number A. 

The mass of the nucleus is always less than the total mass of the protons and 
neutron that make up the nucleus. The difference of the two masses is called mass 
defect. The missing mass is converted to energy in the formation of the nucleus and 
is called the binding energy. 


The emission of radiations (u, [| and y) from elements having charge number Z 
greater than 82 is called radioactivity. 


The change of an element into a new element due to emission of radiations is called 
radioactive decay. The original element is called parent element and the element 
formed due ta this decay is called daughter element 


Half-life of a radioactive element is that period in which half of the atoms of the parent 
element decay into daughter element. 


Such a reaction in which a heavy nucleus like uranium splits up into two nuclei of 
‘equal size along with the emission of energy during reaction is called fission 
reaction, . 


Such a nuclear reaction in which two light nuclei merge to form a heavy nucleus. 
along with the emission of energy is called fusion reaction. 


The strength of the radiation source is indicated by its activity measured in 
becquerel. One becquerel (Bq) is one disintegration per second. A larger unitis curie. 
(Ci) which equals 3.7 x 10" disintegrations per second. 


The effect of radiation on a body absorbing it relates to a quantity called absorbed 
dose D defined as the energy E absorbed from ionizing radiation per unit mass m of 
the absorbing body. 


The basic forces are: 


„ Gravitationalforce — i. Electromagnetic force 
ii.  Weaknuclearforce iv. — Thestrongforce 


‘Subatomic particles are divided into following three groups: 
„ Photons ii Leptons ili, ^ Hadrons 
Elementary particles are the basic building blocks of matter. 
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QUESTIONS 


Whatare isotopes? What do they have in common and what are their differences? 
Whyare heavy nuclei unstable? 


If a nucleus has a half-life of 1 year, does this mean that it will be completely 
decayed after 2 years? Explain. 
Whai fraction of a radioactive sample decays aftertwo half-lives have elapsed? 


The radioactive element Re has a half-life of 1.6 x 10" years. Since the Earth is 
about 5 billion years old, how can you explain why we stil can find this 
elementin nature? 


Describe a brief account of interaction of various types of radiations with matter, 


Explain how a and [-partices may ionize an atom without directly hitting the 
electrons? What is the difference in the action of the two particles for producing 
ionization? 

Aparticle which produces more ionization is less penetrating. Why? 


What information is revealed by the length and shape of the tracks of an incident 
particle in Wilson cloud chamber? 


Why must a Geiger Muller tube for detecting u-particles have a very thin end 
8 Why does a Geiger Muller tube for detecting y-rays not need a window at 
al 


Describe the principle of operation of a solid state detector of ionizing radiation in 
terms of generation and detection of charge carriers. 


What do we mean by the term critical mass? 


Discuss the advantages and disadvantages of nuclear power compared to the use 
of fossil fuel generated power. 


What factors make a fusion reaction difficult to achieve? 


Discuss the advantages and disadvantages of fission power from the poi 
Safety, pollution and resources. : os "nd 


What do you understand by "background radiation"? State two sources of this 
radiation. 


If someone accidently swallows an u- source and a f-source 
which would be the more dangerous to him? Explain why? 


Which. radiation dose would deposit more energy to the 
hand, or (b) 1 mGy dose tothe entire body. et a koe 


Whats radioactive tracer? Describe one application each in medicine, agriculture 
and industry. 


How can radioactivity help in the treatment of cancer? 
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PROBLEMS 


Find the mass defect and the binding eneray for tritium, if the atomic mass of tritium 
is3.016049 v. (Ans: 0.00857 u, 7.97 MeV) 
The half-life of i St is 9.70 hours. Find its decay constant (Ans: 1.99 x 10*s) 


The elemente gt pa is unstable and decays by fi-emission with a half-life 6.66 hours. 
state the nuclear reaction and the daughter nuclei, (Ans: 22 U) 


Find the energy associated with the following reaction: (Mass o! |H- 1.00784 u) 


“N+ iHe — 20. 


Whatdoes negative sign indicate? (Ans: 1.12 MeV) 
Determine the energy associated with the following reaction: (mass of “C=14,0077u) 
“Cc — "N+ fe (Ans: 3.77 MeV) 


O decays twice by a-emission,whatis the resulting isotope? (Ans: Rn) 
Calculate the energy (in MeV) released in the following fusion reaction: 

2H+ iH —> e - jn (Ans: 17.6 MeV/event) 
Asheetoflead 5.0 mm thick reduces the intensity of a beam of y-rays by a factor 0.4, 


Find half value thickness of lead sheet which will reduce the intensity to half of its 
initial value. (Ans: 3.79 mm) 
Radiation from a point source obeys the inverse square law. If the count rate at a 
distance of 1,0 m from Geiger counter is 360 counts per minute, what will be its count 
rate at 3.0 m from the source? (Ans: 40 counts per min.) 


A 75 kg person receives a whole body radiation dose of 24 m-rad, delivered by 
a-particles for which RBE factor is 12. Calculate (a) the absorbed energy in joules, 
and (b) the equivalent dose in rem. [Ans: (a) 18 mJ (b) 0.29 rem] 


Note: Consultthe table on page 222, where required, for atomic masses. 


Alternating Current 
Amorphous 
Amplifier 


Atomic Number 
Binding Energy 


Black Body 
Bulk Modulus 
Capacitor 


Cathode ray 
Oscilloscope 


Compton effect 
Crystalline Solids 


Current 
Generator 
Digital System 


Elastic limit 


Electric Current 


Electric Field 
Intensity 


[GLOSSARY] 


Current produced by a voltage source whose polarity 
keeps on reversing with time 

Those solids in which arrangement of atoms or 
molecules are not regular 

A device that increases the output of electrical signal 
fed as input 

The number of protons in the nucleus 

The work done on the nucleus to separate it into its 
Constituent neutrons and protons 

A body that absorbs all the radiations incident upon it 
Ratio of applied stress to volumetric strain 

Adevice that can store charge 

High speed graph plotting device 


An increase in the wavelength of X-rays when 
scattered by bound electrons. 

Substances having regular arrangement of tome or 
molecules 

A device which converts mechanical energy into 
electrical energy 

It deals with only those quantides which have only two 
discrete values 

The limit beyond which the sample becomes 
permanently deformed 

Rate of flow of electric charge 

Electric field force per unit charge at a point 
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Electric Flux 
Electric Potential 
Electrolysis 

Electromagnetic 


Waves 


Electromotive 
Force 
Electron volt 
Electroplating 
Forward Bias 


Frequency 
Fusion 


Half life 


Holography 
Impedance 


Inductance 


Inertial frame of 
reference 


Insulators 
lonization Potential 


Number of electric field lines passing through certain 
surface element 

Amount of work done in bringing a unit positive charge 
from infinity to a point. 

Conduction of electricity due to chemical reaction in 
liquids. 

Waves which do not require any medium for their 
propagation 

A measure of the energy supplied by a source of 
electric current per unit charge 

Unit of energy equals to 1.6x10*J 

Electric metallic coating 

Bias volta ge which when applied to a p - n junction 
produce large current flow 

Number of cycles per unit time 

Such nuclear reaction in which two light nuclei merge 
lo form a heavy nucleus with the emission of energy 
It is the period in which half of the radioactive element 
atoms decay 

A method of recording three dimensional image 
Combined effect of resistances and reactances in an 
AC. circuit 

The phenomenon in which changing current in a coil 
produces an emf in itself 

Coordinate system in which the law of inertia is valid 


A material with a very high electrical resistivity 
The energy needed to remove the electron from an 


atom or molecule to infinite distance 
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Laser 
Logic Gate 


Magnetic Induction 


Mass Defect 


Mass Number 
Modulation 


Mutual Inductance 


NAVASTAR 


Nuci 


Energy 


Nuclear fission 


Nuclear Reactor 


Nucleons. 
Pair Production 
Photo voltaic celi 


Photodiode 
Photoelectric 
Effect 

Plastic deformation 


Light amplification by stimulated emission of radiation. 
Electronic circuits which implements various logic 
operations 

Magnetization of a substance by an external magnetic 
field 

It is the difference between the mass of the separated 
nucleons and the combined mass of the nucleus 

Total number of protons and neutrons in a nucleus 
The process of combining the low frequency signal 
with a high frequency radio wave 

A phenomenon in which a changing current in one coil 
produces emf in other coil 

Navigation system based on Einstein theory of 
relativity 

Energy derived from nuclear reactions either by fission 
or by fusion 

Disintegration of atomic nucleus into two or more 
fragments with the emission of huge amount of energy 
A device in which controlled nuclear fission reaction 
takes place 

Protons and neutron in the nucleus, 

Production of electron-position pair from a photon 

A device that detects or measures electromagnetic 
radiation by generating a potential at a junction 

A device used to detect light falling on it 

Emission of electrons from metallic surface when 
exposed to electromagnetic radiations 

A permanent deformation of a solid object to an 
applied stress 
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Polymeric Solids 
Rectification 
Resistivity 
Reverse Bias 


Spectrograph 


Spectroscopy 


Strain 


Stress 
Super Conductors 


Thermistor 
Time Poriod 


Transformer 


Transistor 


Ultimate tensile 
stress 


Young's Modulus 


The solid materials with a structure that is intermediate 
between ordered and disordered structure 

Conversion of alternating current into direct current 
Tendency of material to oppose the flow of current 
Bias voltage which when applied to a p — n junction 
produces a very small or no current flow. 

an instrument for producing photographic record of 
spectrum 

The investigation of wavelength and intensities of 
electromagnetic radiations emitted or absorbed by the 
atoms 

The change produced in the size or shape of the body 
by applying a stress 

Force per unit area 

Those material whose resistivity becomes zero below 
a critical temperature 

Heat sensitive resistor 

That interval during which the voltage source changes 
its polarity once 

A device which converts high A.C. voltage to low A. C. 
voltage or low A.C. voltage to high A. C. voltage 

Semi conducting material to which at least three 
electrical contacts are made 

The maximum stress that a material can withstand 


Ratio of the tensile stress applied to the material to the 
resulting tensile strain 
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Dielectric constant 
Digital multimeter 
Digital system 
Domains 

Ductile substances 
E 


emt. 
Einstein photo electric equation 
Elastic deformation 
Electric current 

Electric field strength 
Electric flux 

Electric intensity 

Electric polarization. 
Electric potential 
Electromagnet 
Electromagnetic spectrum 
Electromagnetic waves 
Electron microscope 
Electron volt 

Emitter 

Energy band theory 
Energy density 
Energy-mass relation 
Equivalent dose 
Excitation potential 
Extrinsic semiconductor 
F 


Farad 
Faraday's law 

Fast reactor 
Ferromagnetic materials 
Fission chain reaction 
Fluorescence 

Forbidden energy gap. 
Forward resistance 
Frame of reference 
Frequency modulation 
Full wave rectification 
Fussion reaction 
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Gain 

Galvanometer 

Gamma rays 

Geiger Muller counter 
General theory of relativity 
Gray 

Guass's law 

H 


Hadrons 

Half life 

Half wave rectification 
He-Ne laser 


Hydrogen emission spectrum 
Hysteresis 

Hysteresis loop 
Hysteresis loss 

1 

Impedance 

Induced current 

Induced em. 

Inertial frame of reference 
Insulators 

Intrinsic semiconductor 
lonization energy 
lonization potential 
Isotopes 

K 

Kirchhoff's first law 
Kirchhoff's second law 

L 


Laser 
Leakage current 
Length contraction 
Lenz's law 

Leptons 

Light emitting diode 


Linear absorption co-efficient 233 
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Magnetic dipole 148 
Magnetic flux 60 
Magnetic flux density 60-61 
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Operational amplifier 
OR gate. 

OR operation 
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pn junction 
Pair production. 
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Photo electron 
Photo electron 
Photo voltaic cell 
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Quantized energy 
Quantized radii 
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Radiation absorbed dose 
Radiation detector 
Radiation exposure 
Radiation sickness 
Radioactive decay 
Radioactive elements 
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Rectification 


Relative biological effectiveness 251 T 


Relative motion 

Rem 

Resistivity 

Resonance 

Retantivity 

Rheostat 

Right hand rule 
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Sensors 

Shear modulus 

Shear strain 

Shear stress 

Sievert 
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Special theory of relativity 
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Step down transformer 
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